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CHAIRMAN’S PREFATORY REMARKS 
By Horace R. Byers 
UNIVERSITY OF CHICAGO 


It is not easy to select the subject matter to be covered in a presentation of some 
of the modern concepts of meteorology. The field of meteorology is broad, and 
marked advances have been made in all branches. Some new ideas have had more 
play in the popular press than others, notably those having to do with weather 
control or rainmaking. To most meteorologists, however, the more exciting for- 
ward steps have been taken at the very core of the science, namely, in the under- 
standing and prediction of atmospheric flows and their associated weather distri- 
butions. 

Great strides are now being made through the use of the electronic computing 
giants. In the first paper of this symposium Dr. Charney, who has played the 
leading part in these developments, will show how a set of equations for predicting 
flow patterns a day or two ahead, equations which do not lend themselves to ready 
computation without the electronic machine, will produce a forecast somewhat 
better than that reached by the complicated and largely qualitative reasoning of 
the practical forecaster. A second step, such as pinpointing cloud, rain, and tem- 
perature areas, is left for the harassed local weatherman. 
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An insight into the nature and scale of atmospheric flows which hold steady for a 
long time and over large areas is given by Jerome Namias in the second paper of the 
symposium. These patterns affect the weather in terms of forecasting for ex- 
tended periods, a branch of meteorological effort in which Mr. Namias holds un- 
questioned leadership. Laymen and scientists in other fields usually are not aware 
of the great size, speed, and, occasionally, marked inertia of air movements affecting 
day-to-day weather. 

Another way to get at the picture of changing atmospheric conditions is through 
a statistical type of analysis of the data themselves with only an implied treatment 
of the flow patterns. This plan has been followed with good resu!ts by Dr. Malone 
in the third paper of this series. The philosophy of this scheme is frowned upon by 
some purists, but it is clear that suitable answers can be had without going through 
the hydrodynamic solutions. 

Professor Petterssen, who presents the final paper, has been concerned with 
those striking sudden developments of storm systems which are a forecaster’s woe. 
Large-scale stable eddies become unstable and grow fast into major storms. It 
has been claimed that the release of the latent heat of fusion through dry-ice or 
silver-iodide seeding of supercooled clouds in such areas is a leading cause of the 
sudden growth. Through the complete equations for development of such systems 
Professor Petterssen shows that the energy released in this way is too small to 
worry about in comparison with the other factors. 


NUMERICAL METHODS IN DYNAMICAL METEOROLOGY 
By J. G. CHARNEY 


INSTITUTE FOR ADVANCED STUDY 


The advent of the large-scale electronic computer has given a profound stimulus 
to the science of meteorology. For the first time the meteorologist possesses a 
mathematical apparatus capable of dealing with the large number of parameters 
required for determining the state of the atmosphere and of solving the nonlinear 
equations governing its motion. Earlier, for want of such an apparatus, both the 
forecaster and the investigator were forced to content themselves with such highly 
oversimplified descriptions or models of the atmosphere that forecasting remained 
largely a matter of extrapolation and memory, and dynamical meteorology a field 
in which belief in a theory was often more a matter of faith than of experience. 
Needless to say, the practicing meteorologist could ignore the results of theory with 
good conscience. 

The radical alteration that is taking place in this state of affairs is due not merely 
to the ability of the machine to solve known equations with known initial and 
boundary conditions but even more to its ability to serve as an inductive device. 
The laws of motion of the atmosphere, especially as they concern the dynamics of the 
large-scale motions and their energy-exchange processes, are very imperfectly 
known. The machine, by reducing the mathematical difficulties involved in 
carrying a physical argument to its logical conclusion, makes possible the making 
and testing of physical hypotheses in a field where controlled experiment is still 
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visionary and model experiment difficult, and so permits a wider use of inductive 
methods. I should like to describe briefly some of the problems that confront the 
dynamical meteorologist and to indicate what progress has been made to solve them 
by numerical methods. 

Voltaire’s giant, Micromegas, who stood in the same relation to the atmosphere 
as we do to a rotating dishpan, would describe the atmosphere as a highly turbulent, 
heterogeneous fluid subject to strong thermal influences and moving over a rough, 
rotating surface. Upon careful observation, he would discern a mean zonal cir- 
culation with westerly surface winds increasing with height in middle latitudes in 
both hemispheres and easterly surface winds near the Equator and poles. Still 
closer examination would reveal that the mean circulation is not truly zonal but 
exhibits permanent perturbations related in some fashion to the asymmetry in 
the distribution of the continents and oceans. Superimposed on these quasi- 
permanent circulations he would find a whole collection of migratory vortices, 
varying in scale from thousands of kilometers to centimeters and less, but with the 
bulk of the energy in the thousand-kilometer class of motions. 

If Micromegas were to conclude that methodologically the first task of the dy- 
namical meteorologist should have been the explanation of the large-scale transient 
flows, it might come as a considerabie surprise that until the 1930’s meteorologists 
did not understand the cause of the motion of the migratory vortices, or even why 
they move most often in an easterly direction, not to speak of the cause of their 
origin: this not withstanding Euler’s discovery of the equations of fluid motion in 
1755 and V. Bjerknes’s clear statement in 1904 of the problem of prognosis as being 
nothing less than the integration of the hydro- and thermodynamic equations 
governing the atmosphere. One might think that the laws of motion had been 
sufficiently well formulated to answer the simple questions asked. Yet when in 
1922 Richardson, the pioneer in the field of numerical prediction, attempted a 
numerical integration of the Eulerian equations by hand calculation, he obtained 
the result that the large-scale vortices should move with a speed comparable with 
the velocity of sound! 

His difficulty came from a failure to distinguish physically between the large- 
scale meteorologically significant motions of the atmosphere and all the other 
possible types of motion, such as sound, which are governed alike by the Eulerian 
equations. Only by taking cognizance of certain explicit characteristics of the 
large-scale motions were J. Bjerknes in 1937 and C.-G. Rossby in 1939 able to ex- 
plain at least the direction of motion and the order of magnitude of the displace- 
ments of the observed systems; and only within the last ten years has it been found 
possible to give a reasonably complete characterization of the observed large-scale 
flows and to create mathematical tools for dealing with them. The physical charac- 
terization is based upon the observation that the motions are not elastic oscillations 
or oscillations in the gravitational or centrifugal force fields of the rotating earth 
but rather that there exists at all times a kind of equilibrium of forces, analogous to 
that which obtains in the equilibrium theory of the tides, in which there is a balance 
among the Coriolis and field accelerations and the pressure field that does not 
involve the time. To a first approximation the balance is expressed by the familiar 
geostrophic relationship, which states that the horizontal Coriolis force is nearly 
balanced by the horizontal pressure force. More generally, the balance condition 
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may be derived from the property of horizontal quasi-nondivergence. Mathemati- 
cally one may approach the problem in one of two ways: one may incorporate the 
balance condition into the equation of motion to derive a self-consistent set of 
equations which in effect filter out the sound and gravitational oscillations al- 
together; or one may adjust the initial data to satisfy the balance condition, thus 
insuring that no “noise” energy exists initially, and then employ the Eulerian equa- 
tions for the prediction, relying on the empirical observation that no appreciable 
interconversion of energy takes place between the “balanced” and the ‘noise’ 
motions. The first approach has been followed in most numerical work since the 
last war. Within the last two years, however, successful integrations of the Kulerian 
equations have been carried out by our group at the Institute for Advanced 
Study. 

In 1950 we made our first experimental machine prediction on the ENIAC by the 
numerical integration of the filtering equations for a barotropic model of the at- 
mosphere similar to that employed by Rossby. It may be shown that the horizon- 
tal flow in this model approximates that of the atmospheres at a level lying in the 
vicinity of 500 mb. A twenty-four-hour prediction was made from actual initial 
data. The prediction not only gave the right sense to the displacements of the 
circulation patterns but also gave their magnitudes with an accuracy comparable to 
that ordinarily obtained by the practicing forecaster. This was a long step from 
Richardson. It mattered little that the twenty-four-hour prediction was twenty- 
four hours in the making. That was purely a technological problem. Two years 
later we were able to make the same prediction on our own machine in five min- 
utes. 

A more basic problem of meteorology is that of the generation of the migratory 
vortices in the atmosphere. What causes the typical high- and low-pressure areas 
of middle latitudes to form? In particular, what causes the abrupt appearance of 
the intense cyclonic vortex which is always associated with a storm? Early in- 
vestigators were inclined to the view that cyclogenesis was due to rapid heating 
from the surface of the earth, but later, when observations revealed that most well- 
developed extratropical cyclones were cold, it became difficult to retain this view. 
A more promising approach was taken by V. Bjerknes and his collaborators in 
Norway in the early twenties, who proposed the hypothesis that cyclogenesis was 
a large-scale dynamic instability phenomenon. In making this proposal, they were 
guided by the work of Helmholtz on the instability of shearing flow, with which he 
explained the generation of water waves and billow clouds. Solberg succeeded in 
demonstrating that an inclined surface of shearing discontinuity in the atmosphere, 
the front, would be unstable and would exhibit some characteristics of the observed 
cyclones. But here, partly owing to the retention of the meteorologically insignifi- 
cant gravitational ‘‘noise,”’ the mathematics proved not altogether manageable, 
and this, combined with the necessary oversimplifications of the idealized flow 
patterns, made it impossible to check the theory conclusively. In the Solberg 
model the kinetic energy of the mean flow is the essential source of perturbation 
energy. Another type of instability was discovered by the speaker in 1947 and 
independently by E. T. Eady in 1949, in which the perturbation energy comes from 
the potential energy associated with uniform horizontal gradients of temperature. 
The energy is released when the particle trajectories have a smaller slope than the 
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isentropic surfaces. This type of instability was investigated by means of the filter- 
ing equations which permitted the mathematical analysis to be carried through. 
Although the results seemed to compare with observation quite favorably, again 
owing to oversimplifications the evidence was necessarily inconclusive. Later a 
third type of instability, originally discovered by Rayleigh, was proposed as the 
cause of cyclogenesis. This type occurs in a circular vortex for axially sym- 
metric perturbations when the angular momentum decreases radially outward along 
isentropic surfaces. 

In 1952 and 1953 a series of numerical experiments was performed at the In- 
stitute for Advanced Study using thermally inactive models which permitted only 
the second type of instability. After a number of trials it was found that a model 
of the atmosphere containing three degrees of freedom in the vertical, i.e., a model 
in which the motion is determined by the flow at three levels, was found to predict 
cyclogenesis correctly. Thus not only did the numerical methods decide finally 
the cause of extratropical cyclogenesis, but they led to a model which, in respect to 
storm generation, gives predictions superior in accuracy to those of the conven- 
tional forecaster. 

The last problem of which I shall speak is that of the mean zonal circulation 
itself. Clearly no progress can be made in understanding or predicting the long- 
period variations of the atmospheric motion until one knows what produces the 
mean circulation. The earliest theories were based on the idea that the mean 
circulation is an axially symmetric convective circulation, with air rising near the 
Equator, moving poleward aloft, descending near the poles, and moving equator- 
ward near the ground. When, however, it became evident that this type of motion 
could not account for the observations, modifications were proposed that were 
still based on the notion of a symmetric meridional circulation superimposed on an 
axially symmetric vortex. In 1926 Jeffries showed that no circulation model 
could successfully account for observation without containing provisions for the 
eddy transfer of heat and momentum. It was then thought by some that an ex- 
planation of the general circulation was possible in which no meridional circulation 
took place at all but in which all flow of heat and angular momentum from Equator 
to Pole was produced by turbulent eddy transport. However, the following argu- 
ment might have led one to suspect that the eddy-transfer mechanism was inade- 
quate by itself. Except possibly at very low latitudes, one may rule out direct 
convective circulations by the same considerations that exclude the gravitational 
‘‘noise’’ motions. The mean zonal motion must then be in a state of quasi-geo- 
strophic balance, but the changes in zonal velocity produced by eddy transport of 
momentum will not in general correspond geostrophically to the changes in the 
temperature field produced by eddy transport of heat, and the balance can be 
restored only by compensating axially symmetric meridional circulations. 

In an attempt to decide some of these questions, the following numerical experi- 
ment was performed by N. A. Phillips. He constructed a mathematical model of 
the atmosphere, heated in the south and cooled in the north and subjected to ground 
friction. Starting with the atmosphere at rest, he integrated the equations of mo- 
tion numerically to obtain a prediction for several months. Initially, a purely zonal 
flow developed in conjunction with the growth of a north-south temperature gra- 
dient. Then, as the temperature gradient increased in intensity, a perturbation with 
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wave length given by the second of the earlier mentioned instability theories began 
to amplify and at the same time to act as a turbulent eddy in transferring its kinetic 
energy into the energy of the mean westerly flow. Westerly winds increasing with 
height were created at middle latitudes, and easterly surface winds developed in the 
extreme north and south. Thus the model exhibited both the typical phenomenon 
of cyclogenesis and the mechanism for transfer of energy into the westerlies. The 
flow thirty days after the asymmetric perturbation had begun to amplify bore a 
marked resemblance to the mean flow of the atmosphere. Further, the eddies 
which formed looked very like those that one observes in the atmosphere. The 
integrations also showed that a three-celled meridional circulation must exist in 
each hemisphere, with a thermally direct circulation in equatorial and polar regions 
and an indirect circulation in middle latitudes. The eddy gain of momentum by 
the upper atmosphere at middle latitudes is thus partially compensated by the 
action of the Coriolis force on the meridional circulations. As a result of these 
calculations, we now feel that the essential ingredients that make up the mean zonal 
circulation are far better understood. 

The next step in our program will be to introduce into our models topographical 
irregularities of the earth’s surface, as well as a more realistic energy supply, in- 
cluding water vapor as a carrier of energy, to determine whether it is possible to 
explain the permanent perturbations of the atmosphere, i.e., to see whether one 
cannot construct a dynamic climatology. Only then, it is thought, will it be 
possible to deal with climatic anomalies and long-range prediction by numerico- 
dynamical means. Some preliminary investigations of the dynamical effects of 
topographic variation and heating indicate that the goal is not unattainable. 


THE ROLE OF SYNOPTIC METEOROLOGY IN THE QUEST 
FOR OBJECTIVE WEATHER PREDICTION 


By JEROME NAMIAS 
UNITED STATES WEATHER BUREAL 


Weather forecasting as practiced today employs a synoptic approach. The 
forecaster surveys a wealth of meteorological data which has been assembled 
simultaneously over large areas and analyzed in map form. The synoptic approach 
has been increasingly difficult in operation during the last twenty years, owing to 
the increase in data both at the surface and aloft which has made necessary a 
multiplicity of charts for obtaining a threé-dimensional diagnosis of the atmosphere. 
The amount of information considered by the weather prognosticator has long 
since surpassed his digestive ability. Since the principal distinguishing character- 
istic of an outstanding weather forecaster is his ability to exercise proper weighting 
and judgment, it is no surprise that the multifold increase in data has not resulted 
in a proportionate increase in accuracy of forecasts. Although there have been 
great advances in meteorological knowledge, leading to specialized predictions of 
new weather elements and extending the time range of forecasts, it is difficult to 
prove that the basic weather forecast for the morrow has improved over the last 
half-century. 





Vou, 41, 1955 GEOPHYSICS: J. NAMIAS 803 


This state of affairs, anomalous in the sense that increased knowledge has not led 
directly to improved prediction, is as frustrating to the present generation of 
meteorologists as it was to their predecessors. 

As a result of this frustration, groups of scientists in each of the last few decades 
have set out in a great quest for ‘“objectivity””—a word that seems to take on special 
meaning for meteorologists. While forecasters are in complete agreement on the 
need for greater objectivity in weather prediction, they are, because of long exposure 
to highly touted but abortive attempts in the past, quite naturally cautious and 
conservative. 

One of the great breakthroughs in the attempt to give to forecasting the frame- 
work of organized knowledge was the Polar Front theory, pursued so vigorously in 
the 1920’s. This development laid the groundwork for an analytical attack on 
weather—analytical in the sense of providing models of fronts and air masses for 
the cyclones and anticyclones of the weather map. While no one can deny the 
tremendous contribution made by the Scandinavians through the introduction of 
the Polar Front concept—and today it still forms the hard core of synoptic analysis 
—it appears in retrospect that it still leaves too much room for imagination and 
human judgment to be considered an objective forecasting method. 

In the decade of the thirties a new dimension—the vertical—was unveiled before 
meteorologists, and for the first time reasonably complete maps could be prepared 
routinely for levels well removed from the surface, a great advance over having to 
make inferences from surface and cloud reports. The interpretation and exploita- 
tion of this upper-air data for forecasting purposes shortly became the principal 
concern of progressive meteorologists. Perhaps the tenor of the enthusiasm of the 
early thirties may be exemplified by the formal remarks of one of the now distin- 
guished pioneers of that period,'! who wrote, ‘Probably the next ten years will see 
more real progress in weather forecasting than the last forty have seen.” This 
prediction may be considered verified if the entire range of forecasts developed dur- 
ing the ensuing decade is surveyed. However, the improvement in 24- to 48-hour 
predictions would be difficult to demonstrate. 

Also in the 1930’s, an objective attack was developed designed to predict the 
movements of fronts, cyclones and anticyclones, and other features of weather maps 
by kinematic methods.? Since more than half the forecaster’s stock in trade con- 
sists of moving weather systems along, this phase of his effort is certainly amenable 
to objective treatment. Although the elaborate kinematic methods developed in 
the 1930’s for predicting the displacement of weather-map features are scarcely in 
evidence at forecast centers today, one cannot help wondering why this kinematic 
attack cannot be reinstituted with the help of high-speed computing machines. 
In this case the prognoses would not only be speedily available to the forecaster, 
but they would also include acceleration terms which he finds difficult to incorpo- 
rate. Besides, the very existence of an objective kinematic prognostic chart 
would eliminate a necessary phase of the forecaster’s thinking and, in addition, 
would provide a comparison to serve as a control for more physically designed 
methods, which in any event should constitute the entree of the menu for elec- 
tronic computers. 

In the decade of the 1940’s another innovation was made which in essence re- 
moved blinders from the meteorologist by increasing his horizon: this involved 
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greater understanding of the hemispheric interdependence of weather phenomena. 
In this era a phenomenon of still larger scale than the cyclone and anticyclone, 
called the ‘planetary wave,” was brought to light. These great horizontal un- 
dulations in the upper west-wind circulation provide a mechanism for great inter- 
changes of polar and tropical air and, in so doing, set the stage for cyclone and 
anticyclone formation and growth. While these general concepts now occupy a 
large share of the forecaster’s thinking, attempts to make the reasoning more exact 
have not as yet succeeded in displacing imagination and judgment. 

Simultaneously with the planetary-wave attack on forecasting problems, there 
emerged a group of scientists dedicated to achieving complete objectivity, this time 
by statistical means. The originator of this approach was probably G. I. Taylor, 
who, in 1917,* described a method in which the probability of occurrence or non- 
occurrence of fog could be assessed by plotting a diagram whose co-ordinates were 
air temperature and difference between wet and dry bulbs, the groupings of cases of 
fog or no fog at certain times falling into reasonably defined areas of the graph. 
In the 1940’s this “‘scatter-diagram approach” was applied to a variety of meteor- 
ological prediction problems, including that of predicting for periods up to 72 
hours in advance whether or not it would rain. In addition to being objective, this 
method supplied the user of the forecast with its probability of success. After a 
decade or so of this type of research, it has become clear that, while a surprising 
percentage of the human forecaster’s skill is captured by the method, the plateau of 
skill reached is still remote from perfection. Perhaps more devastating is the fact 
that, being a purely statistical method, the approach offers no route of ascent once 
the plateau is reached. 

In view of these failures in the quest for objectivity over the last three decades, 
it is not surprising that the present crop of mature weather forecasters is not overly 
concerned about the possibility of technological unemployment through auto- 
mation. Yet they view with optimism the great forecasting experiments being 
conducted with electronic machines. This optimism in the face of past failures 
arises from certain significant differences from earlier attempts. These differences 
lie not so much in the underlying philosophy as in the scale of the attack. Thus 
the complex interdependence of planetary wave and cyclone wave along the polar 
front is taken into consideration by the use of physically based equations, and the 
true problem is not emasculated. These equations consider thousands of observa- 
tions—the problem that the human forecaster tries to cope with but must approach 
in an inexact manner by weighting factors from past experience, imagination, and 
scientifically based intuition. Thus the professional weather forecaster has some 
confidence in the current numerical attack because it does not ridiculously over- 
simplify his problems—and, in a sense, does not insult the Creator by assuming, as 
have some earlier-proposed methods, that a compressible fluid’s secrets of behavior 
will emerge from two parameters plotted on a scatter diagram. Besides, the men 
currently employed in numerical forecasting work compose a new blend of dynamic 
and synoptic meteorologist, whereas theoreticians and practitioners have for years 
been lodged in separate camps. Statistically minded meteorologists also have 
cause for optimism, for modern electronic machines can empirically determine 
atmospheric interactions both simultaneously and with time lag with much greater 
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facility than by use of hammer-and-tong methods involving correlation and graph- 
ical approaches. 

While the prospect for objective forecasts is at least an order of magnitude 
brighter than ever before, it is doubtful that the role of the synoptic meteorologist 
will be abandoned or, for that matter, eclipsed for generations. In the first place, 
the primary requirement of a weather service is to produce a weather forecast. 
The relationship between air circulation, horizontal or vertical, and local weather 
is by no means unique and requires many more factors than can be handled con- 
veniently by present-day machines. While this deficiency may be partly overcome 
by better machines, the physics of small-scale effects may be of a higher order of 
difficulty than that of larger-scale effects. Perhaps the grid of observations neces- 
sary to define such local effects may be economically impossible to maintain. Here 
the experienced forecaster, assisted by statistics, might logically be able to give best 
interpretation to a larger-scale machine-produced prognosis. More important is 
the sobering fact that, while machine-produced prognoses of atmospheric circula- 
tion (prognostic charts) have been surprisingly good, considering the stage of the 
science, they still leave about half the real variability to be accounted for and show 
a disturbing tendency to approach the “plateau” of skill which has served as the 
burial ground for objective systems proposed in earlier years. 

In order to ascend from this plateau, and thus really to improve weather fore- 
casts, it would seem desirable that the experience and know-how of the synoptic 
meteorologist be fully utilized. To the extent that the dynamical equations gov- 
erning the behavior of the atmosphere are completely known, the errors of nu- 
merical prediction methods can be identified and thus eliminated. Yet the history 
of the development of weather forecasting has been so heavily weighted on the 


empirical side that it is conceivable that the experienced and well-trained fore- 
caster may be able to suggest avenues for improvement which theoreticians, be- 
cause of less complete knowledge of the real atmosphere, may overlook. Thus the 
role of the synoptic meteorologist in the era of numerical prediction may be just 


beginning! 

Until machine-made prognoses reach a level much higher than that presently 
achieved, it is clear that the final weather forecast must be issued by the profes- 
sional forecaster, using or discarding the guidance of information provided from any 
source. When complete and extensive verifying by statistics indicates that he is 
not bettering the machine-made product, it is time for him to branch out to a new 
field—perhaps long-range forecasting, where vivid imagination and _ scientific 
intuition are still predominant. Here his experience with a completely new class of 
motions which come into focus through time-averaged charts should be very helpful 
in formulating ideas for possible trial on high-speed computing machines. But, in 
contrast with the physical-dynamic attack on short-range forecasting problems, 
some compromise must be made to include statistics, at least until much more is 
known of the physics of the larger-scale, slower-moving phenomena brought to 
light by time averages. In fact, it is probable that, in attempts to work with 
phenomena of this scale with the help of computing machines, meteorologists will 
automatically learn more about their physics. 

It appears that the role of the synoptic meteorologist in the new era of high-speed 
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computing machines is destined to be most contributory and rewarding. He will 
be the key individual in helping theoreticians to improve their short-range models 
by suggesting why and how initial ones went wrong; he will provide ideas for a 
numerical attack on long-range forecasting and will be indispensable for giving the 
most effective weatherwise interpretation of the machine-produced prognoses. 

1H. C. Willett, “The Use of Aerological Observations in Weather Forecasting,’’ Trans. Am. 
Geophys. Union (15th annual meeting, April 26-28, 1934), Part I, pp. 7-10. 

2S. Petterssen, ‘Kinematic and Dynamical Properties of the Field of Pressure, with Application 
to Weather Forecasting,’ Geofys. Publikasjoner Norske Videnskaps-Akad. Oslo, Vol. 10, 1933. 

3G. I. Taylor, ‘The Formation of Fog and Mist,’’ Quart. J. Roy. Meteorol. Soc., Vol. 43, 1917. 


APPLICATION OF STATISTICAL METHODS IN WEATHER 
PREDICTION 


By Tuomas F. MALonre* 
TRAVELERS WEATHER RESEARCH CENTER, HARTFORD, CONNECTICUT 


In weather prediction we are confronted with one of the most difficult scientific 
problems of our times. Moreover, viewed from the standpoint of the practicing 
forecaster, it is a problem which has not received the attention it merits. The 
translation of research results into field application has proceeded at what sometimes 
seems to be an agonizingly slow pace. Some of this can be explained by the very 
complexity of the problem we are trying to solve. We are working with an in- 
eredibly complicated thermodynamic and hydrodynamic system of truly colossal 
proportions. The medium with which we are concerned is nonhomogeneous, com- 
pressible, turbulent, and inherently unstable, and it is strongly influenced by heat 
sources and sinks which are to a certain extent a function of the state of the system. 
The medium surrounds a rotating globe which constitutes a boundary whose char- 
acteristics are, also to a certain extent, determined by the state of the system. 
Basically, the problem is this: Given an initial state of this capricious and in- 
tricately interrelated hydrodynamic and thermodynamic system, how can a future 
state be predicted? 

In spite of the complexities listed above, and others which might be enumerated, 
reassuring progress is being made. Recent advances toward a better understand- 
ing of the hydrodynamical aspects of the problem, coupled with the development 
of high-speed computing equipment, promise to make the present era one of the 
most exciting in all meteorological history. Fortunate, indeed, are we who are 
working in this field in these times, and great is our responsibility to see that none 
of the tools and techniques of present-day science are overlooked in attempts to 
solve a problem which, if mastered, not only would be richly rewarding in per- 
sonal satisfaction but would also materially benefit our collective national econo- 


mies. 

What, then, does statistics have to offer that might be of value? It is with some 
diffidence that the present writer ventures an opinion, since he can claim no pro- 
fessional competence as a statistician and speaks only from the viewpoint of a synop- 
tic meteorologist who has experienced the singular and not infrequent frustrations 
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of having to make public predictions based, perforce, on an incomplete marshaling 
and even understanding of all the factors which, through the operation of certain 
physical laws, determine the true course of future events. Moreover, it requires 
a certain amount of courage to espouse the application of statistical methods be- 
‘ause many synoptic meteorologists today view statistics with the disdain which 
was reserved for dynamic meteorology in bygone days when its only contribution 
to the task of the forecaster was considered to be the geostrophic wind relationship. 
Admittedly, many of the statistical analyses in the past did not provide results 
directly applicable to the prediction problem. However, progress in the develop- 
ment of statistical theory and the availability of machines for the rapid and efficient 
processing of data are opening up new horizons that need to be explored. 

Basically, the very nature of the scientific problem we are trying to solve leads 
one to believe that statistics must eventually play some role in its solution. In the 
first place, the network of observations by which we depict the state of the atmos- 
phere at a given time, extensive as it has grown to be in recent years, is in reality 
little more than a sampling device. True, it describes rather well certain impor- 
tant features of the atmospheric circulation, such as the long waves in the wester- 
lies, but there is a spectrum of disturbance sizes of a scale smaller than that of 
the long waves, not uniquely determined by the long waves, yet of more than pass- — 
ing importance in weather prediction. These smaller disturbances are unstable 
and produce weather effects which are statistically distributed, as is apparent from 
even a casual inspection of a chart of the accumulation of rainfall in a given storm. 
Certainly it would seem that precipitation predictions, couched in probabilistic 
terms, are the best that we can expect in the foreseeable future. 

If consideration is turned for the moment to the equations of hydrodynamics and 
thermodynamics which describe the physical processes taking place in the atmos- 
phere, the difficulties which lie in the way of a complete and precise solution are 
quite evident. The success of dynamic meteorologists in obtaining even approxi- 
mate solutions is a feat of no small proportions. In reality, of course, the atmos- 
phere solves these equations, continuously, explicitly, and exactly, every day of 
the year, and one of the objectives of statistical studies should be to determine 
whether it is possible to organize these repeated solutions, available in the lag rela- 
tionships which can be studied in climatological records, in a form that might be 
useful to the forecaster confronted with the task of making predictions based im- 
plicitly on an integration of these equations. To be fruitful, however, study of these 
lag relationships must be done systematically and with careful consideration to the 
physics of what transpires. Then, too, the statistical methodology must be one 
which will lend itself ultimately to an interpretation in terms of the dynamics in- 
volved. 

The methods of time-series analysis, in the sense that they have been treated by 
Wold,! Kolmogorov,” and Wiener,’ appear to be appropriate here. A general dis- 
cussion has been given by Wadsworth.‘ Essentially, what is involved is the extra- 
polation of a time series. Let the temporal variation of a given weather element 
at a fixed point be given by the single time series labeled f(#) in Figure 1. We wish 
to extrapolate the value of this variable beyond time f) to some time fo + At. Since 
it is unlikely that this can be done exactly, we wish to arrive at extrapolated values 
which have the smallest departure from the true vaiue in a least-squares sense. 
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From a more general viewpoint, perhaps what we are interested in is the distribu- 
tion which the value of f(t) is likely to have at t) + At, but we shall restrict ourselves 
here to the determination of the most probable value. To obtain this, the past 
history of f(¢) is examined to determine what information it may yield. Unfortu- 
nately, the autocorrelation does not provide sufficient information for practical 
purposes. Recourse must be had to associated time series (x;(é) in Fig. 1). The 


f(t) 
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Fic. 1.—Schematic representation of time series. 








interdependence of meteorological variables in general provides a rather large 
array of time series that might be employed. It is logical, however, to restrict 
consideration for the time being to a set of variables which, if considered collec- 
tively, are a measure of the field of motion. Such a set can be obtained by writing 
down an equation which represents a least-squares approximation to the sea-level 
pressure distribution. This has been done by Wadsworth and Bryan. The 


equation may be written as 
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in which Py, is an approximation to the pressure at each of ninety-one points (j = 
1,2,...,18;k = 1,2,...,7) ofa five-degree grid extending from 30° N. to 60° N. 
and from 65° W. to 125° W. The mean pressure over these points is given by P. 
The fourteen parameters Z,, Z,, and Z,, are the standardized coefficients of the 
normalized Tschebyscheff orthogonal functions f,;, gsx, and hs... The quantity S 
is a measure of the variance of pressure over the network of points. Equation (1) 
describes the surface circulation pattern to the extent that it is given by the dis- 
tribution of pressure reduced to sea level at the ninety-one points. The purpose of 
the polynomial fitting is to reduce the variables from ninety-one to sixteen (P, S, 
and 14 Z’s). The choice of sixteen is not mandatory and may be changed at will if 
greater precision is required. These sixteen variables will each undergo temporal 
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changes and hence can be introduced as the time series x,(t), where i = 1, 2,..., 16. 
We know from the equations of hydrodynamics and thermodynamics that these 
sixteen variables will be related to the value of a weather element, but we do not 
know the integral form of this relationship except under certain limiting assump- 
tions. Statistically, however, it is possible to determine the cross-correlation of 
x(t) with f(¢) and, by combining this with the autocorrelation of f(t) on itself, set 
up an operator applied to values of f(t) and x;,(t) at discrete time intervals. This 
is the simplest way to proceed in extracting the desired information for extrapolation 
purposes. ‘The operator takes the form of a multiple linear regression equation. 

The method described above has been applied to the prediction of the sea-level 
pressure distribution by Miller and Malone.’ Data from the 1230Z sea-level pres- 
sure chart for each day during the month of January for the years 1948-1952, in- 
clusive, were used to set up operators for each of the ninety-one grid points. The 
time interval was twenty-four hours. Only the first two lags in the cross-correla- 
tion were considered, and the autocorrelation was neglected, since much of the 
information it might contain was already implicit in the cross-correlation. This, 
of course, is true only when pressure is the element to be predicted. 

The computational work involved in arriving at the operator for predicting 
the pressure twenty-four hours in advance from a sequence of two pressure maps 
reaches rather formidable proportions. The work can be somewhat simplified by 
employing matrix methods and can be carried out very quickly on a high-speed 
digital computer. 

An illustrative example of an actual prediction is presented in Figures 2a—2d. 
Figures 2a and 2b show the actual sea-level pressure pattern on January 9 and 10, 
1953, respectively. Primary cyclones are found in Tennessee, just below Hudson 
Bay, and on the west coast of North America. A secondary disturbance is located 
near Cape Hatteras. An operator of the form 


14 
Putos = Ao + A,P,, + AS, + |> ad, | , 
to 


i=1 


14 
BP ,-24 + BS,-24 + | > 6 | (2) 
i=1 to —24 
was used to arrive at the pressure P,, +24 at each of the ninety-one points on January 
11. The predicted twenty-four-hour pressure changes were also computed and are 
shown in Figure 2c. For comparison, the observed twenty-four-hour changes 
are given in Figure 2d. It is apparent that the major features of the change in the 
circulation pattern were correctly predicted, even to the location of the two isallo- 
baric minima in the Gulf of St. Lawrence and near Nova Scotia, respectively. It 
is interesting to note that this is a case of active development. The general nature 
of the development was indicated, although it was somewhat overestimated. 
Predictions were made for the last twenty-nine days of January, 1953, and a 
histogram of the correlation coefficient between the observed and the predicted 
twenty-four changes is presented in Figure 3. In computing these coefficients, the 
seven westernmost points and the thirteen northernmost points have been omitted 
because consistently erratic results were obtained at these borders. 
In appraising the significance of these results, it is important to bear in mind the 
limitations of the technique. No upper-air data were introduced, and only the 
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Fic. 2.—The weather situation and prediction for the storm of January 9-11, 1953. 
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Fia. 2 (contd.)—The weather situation and prediction for the storm of January 9-11, 1953. 
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sea-level isobaric patterns at twenty-four-hour intervals were used. The results, 
while not spectacular, clearly indicate a certain amount of usefulness. 

In somewhat similar fashion, an operator to predict the temperature at Indian- 
apolis was obtained by processing the data for December during the years 1924, 
1929, 1930, 1932, 1934, and 1936. Since this work was done primarily with desk 
calculators, the terms involving P, S, and the four Z’s which contributed least to the 
representation of the map were omitted, although the first lag of autocorrelation 
was retained. The operator was then applied to new data. An example of twenty- 
four-hour predictions of daily mean temperature and the temperature at 8:00 
A.M. is given in Figure 4. Here, again, the circulation pattern and temperature 
at t) have been combined with the circulation pattern at tf — 24 to predict the tem- 
perature at tf + 24. In view of the crudity of the statistical model, the results are 
encouraging. 
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Fic. 3.—Histogram of correlation coefficients between ob- 

served and predicted twenty-four-hour pressure changes, 
January 3-31, 1953. 
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In applying this technique to the prediction of precipitation, difficulty is en- 
countered because the distribution of precipitation is bounded and skewed. Since 
it is desirable to indicate the likelihood of precipitation even when no precipitation 
is predicted, it is convenient to devise an index which will be continuous and some- 
what normally distributed, extending from very dry days through days on which 
precipitation almost occurred and on into days on which precipitation was heavy. 
Such an index has been prepared for Boston, Massachusetts, by Sellers.’ It is a 
function of the daily percentage of sunshine, the relative humidity at 1:30 p.m., and 
the twenty-four-hour accumulation of precipitation. The values of the index 
range from one (a sunny day with low humidity) through seven (a day on which 
only a trace of precipitation occurred) and on to twelve (a day on which more than 
1.25 inches of precipitation occurred). Climatic data for the months of January, 
1948-1952, inclusive, were used to set up the operator, and the results were tested 
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on January, 1953. The frequencies of occurrence of different combinations of pre- 
dicted and observed values for this test are given in Table 1. A sequence of two 
circulation patterns was used to predict the index for the succeeding day. It is 
evident that information of this kind might be useful to the forecaster in his at- 
tempts to solve the knotty problem of quantitative precipitation forecasting. 
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Fig. 4.—A comparison between predicted and observed tem- 
peratures at Indianapolis, Indiana. 


The examples given above were obtained during some exploratory studies to 
determine how climatic data might be analyzed and placed in a form that would be 
of some assistance to the forecaster. In a sense, what has been done is to place on 
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a quantitative basis some of the hard-won experience which the skilled forecaster 
carries in his head. It is interesting to note that so much information is contained 
merely in the sea-level pressure pattern or, more precisely, in a sequence of sea- 
level pressure patterns. Furthermore, it is somewhat surprising, in view of the 
nonlinearity of the hydrodynamic equations, that such encouraging results can be 
obtained with a linear operator. It is well known, too, that meteorological time 
series are not stationary. The effects of this limitation have been minimized to 
some extent by restricting consideration to one month and by incorporating the 
circulation pattern—the fundamental entity of synoptic meteorology—into the 
analysis. 


TABLE 1 


COMPARISON BETWEEN PREDICTED AND OBSERVED WEATHER INDEX AT BOSTON FOR 
JANUARY, 1953 
PREDICTED 
W EATHER OBSERVED WEATHER INDEX - 
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Numerous refinements and extensions come to mind immediately. Most of them 
involve rather extensive computations, but, with the speed and flexibility that are 
charaeteristic of the electronic computers now available, the shear magnitude of 
the calculations is not a serious problem. More important at the moment is the 
wedding of statistical treatment with physical theory. That much of the physics 
is implicit in what has been done is obvious, since the analysis begins with some 
aspects of the field of motion and ends with its effects. 

The implication that probability forecasts of weather elements might be the fruit 
of a judicious combination of statistics and dynamics opens up inviting possibili- 
ties. As pointed out earlier, the very nature of the problem that is to be solved 
makes this desirable, if not inevitable. 
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ON THE MAGNITUDE OF CYCLONE DEVELOPMENT AND THE 
POSSIBILITY OF LARGE-SCALE MODIFICATIONS 


By SVERRE PETTERSSEN 
UNIVERSITY OF CHICAGO 


1. Attempts at weather modification by scientific techniques are of a relatively 
recent date. ' The early experiments by Houghton and Radford! and others showed 
that it was quite feasible to dispel local fogs by applying heat or by sprinkling with 
hygroscopic substances. In these experiments lanes in fogs were cleared to enable 
aircraft to land; the volumes cleared were quite small, containing about fifty tons 
of dry air and a fraction of a ton of liquid water. The physical laws underlying 
these experiments are well understood. With suitable arrangements of sufficient 
heat and cold sources and hygroscopic substances, there would seem to be no prin- 
cipal difficulty in the way of effecting control of weather phenomena on any scale. 
Considerations of practicability and cost have, however, ruled out this approach, 
except for local phenomena on a very small seale. 

2. Recent interest in weather modification has been centered in a different ap- 
proach, in which supply of energy from outside sources is not involved. The water 
cycle of the atmosphere may be divided into three phases, namely, evaporation, 
condensation, and precipitation. While natural air has an abundance of condensa- 
tion nuclei, there is good evidence to show that it is sometimes short of “precipita- 
tion nuclei,’’? and by artificial injection of this latter kind of nuclei it would seem 
possible to accelerate the precipitation process. In recent experiments carbon ice 
and silver iodide have been used to imitate natural ice crystals, and water, sprayed 
from aircraft, has been used to produce drops of unusual sizes. 

Artificial ice nuclei have been used with some success by the United States 
Signal Corps* to produce sizable openings in supercooled stratus. Other experi- 
ments, notably by Byers and Braham,‘ have aimed at releasing precipitation from 
cumulus clouds by using ice as well as water nuclei. Since these clouds are short- 
lived and undergo rapid changes, the effects of artificial nucleation have been diffi- 
cult to determine in individual cases, but the statistical analysis seems to indicate 
only marginal effects. 

If the results referred to above should stand up to further tests, one might be 
justified in concluding that small-scale passive systems (such as low stratus and 
fog) can be modified to a considerable degree, while the small-scale dynamically 
active systems (such as cumulus clouds) show little response, except perhaps when, 
as a result of natural processes, they have become ‘almost ready” to produce pre- 
cipitation. To identify the “almost ready” cases would, however, require a high 
degree of precision in our knowledge of the attendant states. 
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3. The idea of modifying the large-scale systems of the atmosphere is of a very 
recent date. In 1949 and 1950 Langmuir® performed an experiment with silver 
iodide seedings by a single generator in New Mexico. The seedings, which were 
arranged with a weekly rhythm, lasted for a period of twenty-one months. During 
the first eleven months the seedings were performed on Wednesdays, during the 
following six months on Mondays, and during the remaining months on Fridays. 

Since the generator was mounted on the ground, and since the silver iodide could 
have an effect only if it were brought to the subfreezing portions of the clouds, re- 
liance was placed on natural turbulence to effect the transfer. Although later 
investigations, notably by Smith and Heffernan,’ have shown that such transfers 
are extremely unlikely, Langmuir observed that during much of the time covered 
by his experiment much of the atmosphere over the United States exhibited a 
marked weekly pulse in its behavior. This was true of the rainfall and also of the 
temperature and the winds of the lower atmosphere. 

Many meteorologists and statisticians have been reluctant to accept Langmuir’s 
contention that the periodic seedings directly or indirectly influenced the behavior 
of the atmosphere over large areas. 

The arguments for the existence of such effects may be summarized as follows: 
It is well known that the atmosphere has a tendency to adhere to a rhythmic os- 
cillation which may vary approximately from four to ten days. This quasi- 
periodicity is not permanent: it comes and goes; but, once established, it has been 
known to persist for many months. Now, if the periodic seeding by the generator 
in New Mexico resulted in modification of the water cycle in, or downstream from, 
that area, this could excite and stabilize an already existing periodicity and affect 
regions far beyond the area directly influenced by the silver iodide. 

The arguments against the existence of the effects are these: (a) the oscillation 
observed during the period of seeding, although large, was of about the same magni- 
tude as that observed on other occasions; (b) during the period of seeding, large 
oscillations occurred in several other regions around the world; and (c), when the 
phase of the seeding rhythm was changed, no corresponding effect on the behavior 
of the atmosphere was observed. 

In an endeavor to test Langmuir’s hypothesis, experiments with randomized 
seedings of nascent cyclones were performed along the East Coast of the United 
States during the winters of 1952-1954. In these experiments, which were carried 
out by Spar’ under the auspices of the Office of Naval Research, the clouds were 
seeded also by aircraft flying at suitable heights. The analyses of the observations 
failed to indicate any positive effects on the intensity of storms, the associated rain- 
falls, temperatures, pressures, etc. 

It should, however, be borne in mind that the number of cases (19 seedings and 
18 controls) is small and that effects below a certain threshold value would escape 
detection. On the basis of this evidence, one can only say that Langmuir’s hypothe- 
sis must be returned to the crucibles if it is considered important to determine the 
margins within which positive effects could possibly exist. 

4. In considering the possibility of modifying systems on a scale comparable 
with that of extratropical cyclones, it is of some interest to bear in mind certain 
magnitudes involved in the natural processes. As an example, we may consider 
the last major storm in the United States prior to this writing. In the early hours 
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of March 21, 1955, a disturbance began to form over northeastern Texas. During 
the following twenty-four hours a storm developed; the central pressure decreased 
from 1,004 to 974 mb., and the winds around the center increased from light breezes 
to strong gales. 

A better idea of the magnitude of the development is obtained by considering 
the amount of air removed from the central column of the storm. A circle with a 
radius of 5° latitude, centered at the core of the storm, will cover an area of one 
million square kilometers, and we shall consider the rate of removal of air from a 
vertical cylinder with this area as its base. At the time of maximum intensifica- 
tion, ten billion tons per hour were removed, and the average for the twenty-four- 
hour period was about four billion tons per hour. Thus, during the said twenty- 
four-hour period, one hundred billion tons of mass were removed from the central 
part of this storm. 

The removal of these hundred billion tons of air becomes even more impressive 
when one considers the manner in which it is brought about. It can be shown that 
the removal of mass associated with the developing cyclones must, of necessity, 
consist of an import of mass at low levels and an export of mass at high levels, 
in such a manner that the export predominates. Furthermore, from continuity 
considerations, it can be shown that the net amount of air removed is only about 
10 per cent of the mass that takes part in the associated vertical circulation. This 
means, then, that the mass that is lifted in the gravitational field is about ten times 
as large as the mass removed. 

5. Returning now to the question of modification, it is, perhaps, legitimate to 
ask whether it appears possible, by seeding with suitable nuclei, to modify to any 
noticeable degree processes of the magnitude described above.’ Without direct 
evidence, it is possible to argue for such effects, on the principle that the resulting 
development need not be proportional to the stimulant. Much evidence has ac- 
cumulated in support of the view that the cyclones develop as a result of some kind 
of dynamic instability such that, when some critical limit is exceeded, part of the 
stored potential energy becomes transformed into kinetic energy. It may, there- 
fore, be argued that artificial nucleation could be instrumental in bringing a “nearly 
ready”’ state from stability to instability, although it is not clear how the seeding 
could affect the balance of the forces. In any case, the identification of such limit- 
ing cases would require very precise knowledge. 

6. It has been shown by Petterssen® that the rate of cyclone development at 
sea level can be expressed by the equation 
d¢ os R Beets R 
_ = Ag — $ Vis xe V7 (r, —T)w — 7 


,W 
Pea ai (1) 


Here the symbols have the following meanings: 


dQ,/dt = the rate of production of absolute vorticity at sea level. 
Ag = the advection of vorticity at the level of nondivergence. 
g = the acceleration of gravity. 

f = 20sin ¢ = the vorticity of the earth’s surface. 


Vv? = the two-dimensional Laplacian operator. 
Ae = the thermal] advection below the level of nondivergence. 
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R = the gas constant. 

ip = the appropriate adiabatic lapse rate of temperature. 

r = the actual lapse rate of temperature. 

w = the vertical velocity expressed in units of pressure (i.e., dp/dt). 

dW = the amount of heat (other than latent) supplied to a unit mass of air. 
F = the vorticity of the frictional force. 


The bar signifies the mean value from sea level to the level of nondivergence. 

Suppose, now, that a system is seeded with ice nuclei. This would normally 
result in phase transformation of part of the water, with a consequent liberation of 
latent heat. The immediate effect would be to alter the contribution of the third 
term on the right. In the experiments conducted by Spar (see sec. 3, above) it was 
found that the seeding often resulted in the development of a cloud ridge along the 
seeded line. In the most pronounced case the artificially produced ridge was about 
5 km. wide and 2 km. tall. Taking a seeding track of 1,000 km. over the cyclone, 
the artificially produced cloud volume would be 104 km.*. Within this volume, 
the adiabatic lapse rate [T, would be changed from its dry-adiabatic to its wet- 
adiabatic value. Although the volume is one of formidable dimensions, it repre- 
sents only a small fraction of the whole system. Since the rate of development 
depends only upon the conditions in the layer below the level of nondivergence, we 
have to consider the processes below this level, which normally is at about 5 km. 
Taking, as before, an area with a radius of 5° latitude around the cyclone center, 
the total volume is about five million cubic kilometers. What the seeding along 
one diameter of this circular area resulted in was a conversion of 0.2 per cent of the 
volume from a nonsaturated to a saturated state. 

For the sake of argument, let it be assumed that one hundred aircraft were used 
and that there were no nonlinear interactions. The result would then be a con- 
version of 20 per cent of the volume from a nonsaturated to a saturated state. If 
the third term on the right of equation (1) were a major term, the effect of the 
modification would certainly be significant. It should be noted, however, that 
at such low temperatures as prevail at the level of seeding, the difference be- 
tween the dry-adiabatic and the saturated-adiabatic rates of cooling is very small 
(about 0.2°C. per hundred meters), with the result that it makes little difference 
whether or not the air at these levels is saturated. The quantity (I, — I) is there- 
fore normally very small at the levels where the cloud ridges develop. 

It has been shown by Petterssen® that the third term on the right-hand side of 
equation (1) is normally opposed to cyclone development. The effect of seeding 
would, therefore, be to minimize a negative factor rather than to accentuate a posi- 
tive one. But, regardless of these considerations, it should be emphasized that 
what matters is not the value of the quantity (T, — I')w but the configuration of its 
pattern (as indicated by V*). It follows, then, that if it is desired to modify cyclone 
developments in an ascertainable manner, the seeding pattern must be tuned to the 
pattern of the dynamics of the system. Obviously, very precise knowledge would 
be required to achieve such tuning. 

7. There is another way in which the effects on cyclone development of seeding 
could be tested. If we possessed an accurate and objective technique for predicting 
such developments, we could, by randomized seedings, determine the amounts of 
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artificial modification. Unfortunately, present forecasting techniques leave much 
to be desired, and, certainly, relatively small effects would escape detection. 
Nevertheless, recent advances in numerical forecasting hold out some hope of im- 
provement. In the past few years a number of numerical forecasts have been made, 
based upon multilayer models. In the equations underlying these forecasts, the 
effects of the water cycle have been completely ignored, and the stability factor 
(1, — T) has been replaced by a constant value appropriate to the standard atmos- 
phere. 

Although the number of such forecasts is still small, it comprises a fair variety 
of cyclones, some with excessive precipitation and some with small amounts. For 
twenty-four-hour forecasts the correlation between predicted and observed changes 
is, on the average, about 0.8, with extremes at about 0.95 and 0.5. If the water 
cycle were an important factor, one would expect the forecasts for the “‘wettest 
cases”’ to be least accurate. An analysis of the results does not seem to substan- 
tiate this. If similar results should be obtained in a large number of cases, it would 
seem probable that the water cycle plays a subordinate part in the development of 
extratropical cyclones. Since it is plausible that artificial nucleation could influence 
only a small portion of the water cycle, it would appear that any effect of artificial 
nucleation would be hard to detect. 

8. In conclusion, it should be mentioned that very little is known about the 
role played by the natural water cycle in cyclone development, and, until some 
knowledge is gained in this field, it may prove unprofitable to explore ways and 
means of determining the secondary effects of modifications. 

1H. G. Houghton and W. H. Radford, Papers Phys. Oceanog. Meteorol. Mass. Inst. Technol. and 
Woods Hole Oceanog. Inst., Vol. 6, No. 3, 1938. 

2 The term “precipitation nuclei’’ is used here to refer to particles with such properties that, 
when immersed in a cloud, they will grow at the expense of the neighboring cloud droplets. In 
natural processes the known nuclei are (a) ice crystals surrounded by supercooled water droplets, 
in which case the growth is brought about by the difference in saturation vapor pressure over ice 
and water, and (6) unusually large water droplets surrounded by ordinary cloud droplets, in which 
case the growth results from capture due to different velocities of fall. Drops which grow to about 
5.5 mm. in diameter become unstable and break into smaller drops, thus providing new precipita- 
tion nuclei through a chain reaction. The two growth processes are generally known as the 
Bergern-Findeisen and the Bowen-Ludlam mechanisms, respectively. 

3 United States Signal Corps, to be published in forthcoming issue of Meteorol. Monographs, 
1955. 

‘ H. R. Byers and R. R. Braham, to be published in forthcoming issue of Meteorol. Monographs, 
1955. 

57, Langmuir, “Final Report, Project Cirrus’? Schenectady, N.Y.: General Electric Research 
Laboratory, 1953. 

6 kh. J. Smith, and K. H. Hefferman, Quart. J. Roy. Meteorol. Soc., Vol. 80, No. 344, 1954. 

7 J. Spar, to be published in forthcoming issue of Meteorol. Monographs, 1955. mn 

8 With present techniques it would be difficult to determine the intensity of cyclones with an 
error less than 10 per cent. 

9§. Petterssen, J. Meteorol., Vol. 12, No. 1, 1955. 











THE LUNAR SURFACE—FURTHER COMMENTS 


By GERARD P. Kurrer 
YERKES OBSERVATORY 


Communicated August 25, 1955 


In the December, 1954, issue of these ProcrEpines! I published a paper on the 
lunar surface features in which I stated: “The study is not complete, but some pre- 
liminary results and conclusions are mentioned here. A fuller account, together - 
with more detailed references to the literature, will be published at a later time.”’ 
The main object in writing the preliminary paper was to formulate a working 
hypothesis that had been built up in the course of visual studies made with a large 
telescope in 1954. I was well aware that this independent study led to conclusions 
that in part differed from those published previously; had this not been the case 
there would have been no reason to publish my paper. An effort was made to give 
sufficient detail to indicate how the new conclusions were reached and to avoid 
controversial discussion. In view of Dr. Urey’s paper in the July issue of these 
PROCEEDINGS,” which takes issue with my article, I should like to contrast in as 
objective a manner as possible our different points of view. This may help to 
clarify the position. 

The main difference of opinion appears to be that Urey assumes the surface 
lavas of the moon to be due to local melting caused by impacts, while I have 
concluded that the surface Javas are related both in time and by nature to many 
other surface phenomena and that therefore the entire moon participated in the 
heating process. I have assumed the main source of this heating to be radioactivity 
of the moon itself. 

I shall now elaborate somewhat. I hold that there is empirical evidence that 
the impacts were not sufficient to produce melting. The pre-mare craters were 
almost certainly formed by impact but are accompanied by no apparent melting; 
the lunar material was merely scattered so that these old craters are almost 
invisible at full moon. The absence of melting is also consistent with ballistic 
experiments using rock samples and with the fact that asteroid collisions led to 
fragmentation but not to melting (as follows from the approximately equal measured 
ages of meteorites). Furthermore, impacts alone do not explain the upwelling 
of lava in hundreds of places on the moon, including an overflowing crater like 
Wargentin, nor do they explain the central mountains in craters of a certain age 
group only or the appearance of the full moon (the white craters, etc.). 

The empirical data supporting my view are stated in my article. The main 
points are the drastic change in surface texture of the entire lunar surface—ap- 
proximately coincident with the formation of the maria, as shown by the appear- 
ance of the full moon—and the upwelling of lava and the leveling of old crater 
bottoms, at scattered places all over the lunar surface. These data seem very 
strong, if not incontrovertible, evidence. What is not certain is precisely what 
this implies for the degree of melting of the interior at any one time. In other 
words, while it probably implies that the entire interior went through a stage of 
melting and solidification, there is no need whatever for assuming that the entire 
moon was liquid simultaneously. This would not be expected. Perhaps this 
point was not made sufficiently explicit in my article. 
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My hypothesis, in order not merely to be an empirical result but also to be 
physically intelligible, must be consistent with what is known about the age of 
the moon and the abundances of radioactive substances. The problem is simpli- 
fied by the existence of asteroids and meteorites which are now known to have very 
nearly the same age as the earth and, presumably, as the moon. Since wide- 
spread melting is known to have occurred in the meteorite-forming asteroids, 
bodies smaller than the moon, I have concluded that the same has happened in 
the moon, but on a larger scale (because of the lesser effect of thermal conduction 
in the larger body). I do not see that this simple reasoning can be seriously chal- 
lenged by geochemical considerations which deal with a much more complex 
problem (owing to the greater mass and much greater internal heat of the forming 
earth and to possible losses by fractionation). It is true that I have not solved 
the geochemical problem that Urey poses; this was not the object of my paper. 
The related question of the moments of inertia is reviewed below. 

The next main point which is of relevance is the presence of lunar mountain 
ranges, in part covered by lava and in part surrounded by lava at the base. In 
this connection I have regarded the study of the Alpine Valley as especially in- 
structive and have reported on its results. The explanation of this valley in terms 
of flying fragments would never have been made if its proponents had studied it 
visually in a large telescope—or, in fact, had studied published descriptions of it, 
by Elger (1895) and others. And with this explanation goes the speculation 
concerning a “meteoric body [containing] a high-density body embedded in the 
silicate.”* This conclusion is relevant here because in many of Dr. Urey’s lectures 
which I attended, he stressed the significance of this nickel-iron body, while I 
had never understood how such a body could have been formed near the earth. 
In my article I avoided making explicit reference to this because the stated objec- 
tive of my paper was to make “an independent study, based not on published 
records but on new visual observations with a large telescope” and to develop a 
synthesis of ideas by this study. I believe that such a study was very necessary. 
It is not generally realized that visual resolving power can exceed that of good 
photographs by a factor of at least 4 or that the best photographs correspond to 
the resolving power of a 10- or 12-inch telescope used visually. 

My published description of the Alpine Valley can be improved. Subsequent 
observations under better conditions have shown that on its flat lava bottom there 
are two rills, of the irregular (lightning-shaped) variety such as occur in maria, of 
a width some 10 per cent of the width of the valley, and, besides, at least a dozen 
small impact craters. (One rill and a few craters were seen by C. D. Perrine long 
ago.) Further, there is what appears to be a gravity fault crossing the valley, 
nearly at right angles, which has been observed by Elger and others but was as- 
sumed to be a rill. This fault is not vertical but dips toward Mare Imbrium. 
These refinements do not alter the conclusions which I have drawn from the earlier 
description. They strengthen them, because they show that the lava in the 
valley is of a depth comparable to that in the maria. 

The dimensions of the valley and of the blocks tossed around it suggest that 
there was a critical dimension of roughly 15 km., which might be loosely called the 
“crust” at the time of the Imbrium impact. The meaning of such a term must 
remain vague, as that of the “earth crust”? was a few decades ago, until more 
information is at hand. 
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Urey also criticizes my treatment of the moon’s figure. I was well aware that 
this difficult problem was not fully solved, and I so stated. First, the moments 
of inertia are inaccurate. This was the reason that a new observing program was 
organized. Second, the (probable) lack of equilibrium had to be weighed against 
the evidence for melting. Urey appears to suggest that lack of equilibrium ex- 
cludes melting. I am impressed with the evidence for melting (see above) and have 
concluded that, if the moments of inertia are confirmed, the moon must have had 
some strength in spite of (partial) melting. The question is probably merely one 
of timing—a question to which I have since given attention observationally. One 
should probably assume that the Imbrium event occurred just after the moon had 
(nearly entirely) solidified. Then a small fraction of the impact energy could have 
caused local remelting; yet the surrounding regions had the strength to support 
the mountains deposited—except in the area inside the Apennine arc, which sank 
some distance, leaving the blocks tossed onto it only partly exposed. Thus a 
(complete) return to an equilibrium figure was prevented. Since the added loads 
partly subsided, the excess mass computed is a minimum and the derived impact 
velocity a maximum, as has already been pointed out. 

I should add that, temporarily, the Imbrium impact almost certainly gave the 
moon a period of rotation somewhat different from the orbital period, which in 
itself could have caused f to differ from 0.25. However, the maximum possible 
effect computed cannot nearly explain the observed f = 0.6 or 0.7. 

Urey’s statement that expansion due to radioactive heating was ignored is not 
correct. It was considered (p. 1103), but no features were found attributable to 
it. The explanation may be that so much water escaped that the volume did not 
change greatly, or that the subsequent contraction largely undid the surface effects 
of expansion. The Hyginus rill could be suspected to have been so caused; the 
small white craters that developed along it, and the whiteness of its walls could be 
used in support of the view. But the orientation of the rill would suggest that 
its formation was connected with the Imbrium event, like the Alpine Valley. 
This requires further study. In any case, the Hyginus rill is entirely different 
from the rills in the maria, which are irregular (lightning-shaped) in outline and are 
not lined with small white craters. Further, one cannot make categorical state- 
ments about the relative densities of the complex lunar surface materials in the 
liquid phase and in the premelting porous solid state. This problem will not have 
a general answer, as has been pointed out to the writer, e.g. by W. W. Rubey. To 
assume that melting must erase all surface features is, therefore, unjustifiable. 
This view is confirmed by the observation that asteroids did not melt completely 
to the surface, as appears from the nature and the frequency of chondritic mete- 
orites, which seem to be essentially metamorphosed accreted rubble. This material 
should somewhat resemble the surface material on the moon in texture, though 
not necessarily in composition (because of possible interactions between moon 
and earth). Terrestrial lava flows, all of thermal origin, likewise show that nearby 
surface features need not be erased. 

Urey’s comparison of the computed particle sizes in the sediment ring with 
those of protoearth is misleading. The difference arises, of course, from the 
different densities appropriate to the different problems. The sediment ring 
formed during the final stages of protoearth, just as, for example, the closer satellites 
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of Saturn formed after Saturn had essentially acquired its present mass.‘ I did 
not intend or pretend to present a complete physical theory of the formation of 
these particles; I only indicated that the accretion formula, for all its weaknesses, 
suggests that no major inconsistencies arise with the particle sizes inferred from 
the impacts. The same reasoning applied to the asteroid ring gave an acceptable 
answer,® and this gave me some confidence that it was useful in this problem also. 
The occurrence of sediment rings and their relation to the satellite systems are dis- 
cussed elsewhere.‘ 

The evidence on the origin of the tektites, while not wholly conclusive, points 
strongly toward extraterrestrial origin.” *° Urey! now appears to differ on this 
point, though he does not explain the known properties except perhaps the compo- 
sition. I stated: ‘It does not seem impossible, at this time,’ that tektites came 
from the moon, and Dr. Metropolis and his associates found it of interest to test 
this hypothesis rigorously. Urey argues that the hypothesis would require fairly 
accurate aiming at the earth, which is true; but this does not rule it out. Lunar 
rays, such as Tycho’s, often are narrow spurts of material, 1° wide or less. The 
hypothesis is worth testing as long as the origin of the tektites is unknown. The 
last paragraph! is not a fair statement of my position. 

Not all details contested will be answered in this note; a more extensive 
account of my work is now in preparation. I find nothing of importance in 
my article that is appreciably affected by Urey’s remarks, with the possible excep- 
tion of the precise timing of the Mare Imbrium event. I believe that my article 
contains a synthesis of lunar observations that is essentially new; but it is natural 
to expect that refinements can be made whenever new data become available. I 
am convinced that the best way to progress is to get the very highest resolving power 
in future surface studies. This may suddenly clarify old problems, such as that 
of the Alpine Valley, or may point the way to new approaches. Among these, I 
regard as especially promising the setting-up of local -time sequences (based on 
damage inflicted by object A on object B, etc.) and connecting these time se- 
quences mutually. The amount of information still obtainable with present equip- 
ment is estimated to be at least one order of magnitude greater than that now at 
hand. 

1 These PRocEEDINGS, 40, 1096, 1954. 

2H. C. Urey, these ProcrEpINGs, 41, 423, 1955. 

3H. C. Urey, The Planets (New Haven: Yale University Press, 1952), p. 40. 

4G. P. Kuiper, in A. Beer (ed.), Vistas in Astronomy (London: Pergamon Press, 1955), 
Vol. 2; these ProcEEDINGs, 39, 1153, 1953. 

5G. P. Kuiper, these PROCEEDINGS, 39, 1159, 1953. 

6H. S. Washington and L. 8. Adams, in B. Gutenberg (ed.), Internal Constitution of the Earth 
(New York: Dover Publications, Inc., 1951), pp. 94-95. 
7B. Mason, Geochemistry (New York: John Wiley & Sons, Ine., 1952), pp. 16-17. 

8 H. E. Suess, Geochim. et cosmochim. acta, 2, 76, 1951. 

9 R. Stair, Geochim. et cosmochim. acta, 7, 42, 1955. 

1 H. C. Urey, these Proceepinas, 41, 27, 1955. 

\ Thid., p. 30. 








THE MAGELLANIC CLOUDS. XVI. INFRARED STARS AND STELLAR 
EVOLUTION 
By Hartow SHAPLEY 
HARVARD COLLEGE OBSERVATORY 
Communicated July 15, 1956 


1. Everywhere we see clear evidence that throughout a long past the stars have 
evolved. Time has left marks that can be read by photometer and spectrograph. 
This evolution, we assume, will continue indefinitely toward the various future ends 
that are prescribed by the stellar masses and compositions and by the involvements 
with gas, dust, and neighboring stellar bodies. That the stars evolve is most simply 
shown by the fact that they shine. Since radiation and mass are equivalent, the 
masses and related characteristics all must continuously change. But can we in 
the limited time at our disposal actually witness and measure their evolutionary 
progress? 

We record a few progressive changes over the years, but are they, perhaps, cyclic 
rather than irreversible? Do they actually mark one-way variations in the bright- 
ness, or size, or vibratory period of a celestial body? (We are here considering, of 
course, evolution of the stars themselves, not merely changes of position that may 
indicate the evolution of star associations and galaxies.) 

2. For half a century we have recognized changing periods among the variable 
stars—changes large enough to be numerically evaluated; but often the change 
has reversed direction, and what promised to be an example of progressive evolution 
proves, instead, to be a slow, regular or semiregular cyclic change. This frequent 
failure to progress measurably and unidirectionally in our time is true of luminosi- 
ties as well as of periods of vibration or periods of revolution in double-star systems. 
In some eclipsing binaries, for instance, the apparently progressive variation in 
period length can be charged to slow apsidal rotations in the elongated orbits; 
sometimes the variations can be attributed to the presence in the stellar system of a 
third unseen body. The actual running-down of an eclipsing binary has not yet 
been recorded, and there is little prospect that it soon will be. 

With respect to the cepheid variables, we have long thought that such stars, as a 
consequence of their high output of radiation, must change, irreversibly in mean 
density, and therefore in period length. A number of cepheid periods are known to 
change progressively over the years, as found, for example, by Martin! and verified 
by Miss Wright? for the cluster cepheids in w Centauri; but in a few decades the 
direction of the changes may be reversed. (An apparent shortening or lengthening 
of a period that is actually constant could arise as the result of the “light-time”’ 
across the orbit in an unsuspected, widely separated, double-star system; the period 
appears shorter as the variable component in its orbital motion approaches the ob- 
server, longer as the variable recedes.) 

Recently Dr. O. Struve called attention to the Beta Canis Majoris type of pulsing 
star (spectral class B) as possibly being subject to evolution sufficiently rapid to 
reveal changes in magnitude and mean density (i.e., period length) in a short time.* 

The eruption of an ordinary nova might be taken to represent one phase of the 
one-directional transition of a star along its evolutionary path, but already, in the 
relatively brief time covered by our records, a few of the novae have recurred,‘ 
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and they must therefore be considered a special kind of cyclic variable star. The 
supernova, however, is so disastrous that a repetition of its violent explosion is not 
likely. In fact, the supernova phenomenon, which in some galaxies has affected two 
or three different stars in less than two decades,® may be so common, that eventually 
a large proportion of aii stars will have been affected by such explosive transforma- 
tions. 

3. The search for measurable evidence of current stellar evolution would have 
little chance of success if we gauged the speed of evolution of all stars by that of the 
sun. The terrestrial fossil plants of half a billion years ago prove the sun’s long- 
term stability. But the recent theoretical studies of stellar structure and behavior 
show that many stars, especially the bright supergiants, are young compared with 
the earth’s crust. They emit light, and therefore mass, at a furious rate. A million 
years ago many of these giants did not exist as stars. 

If we take the minutest of Bok’s globules® to be proto-stars in nebulous regions, 
detectable against a background of bright nebulosity, we must, by any theory of 
stellar evolution, assume the continuing development of these lightless globules 
through decreasing volumes and increasing temperatures and luminosities. It is 
generally accepted, as Whipple and Spitzer and others have supposed, that in its 
early stages a star formed out of interstellar dust will be such an object of low but 
rising temperature. It will be distinctly infrared (although hydrogen emission 
might appear at an early stage). Not until it has contracted gravitationally far 
toward the point where atomic transformations begin to play a part in the main- 
tenance of radiation will the star’s light enter the visual section of the spectrum. It 
will at that time be very faint, even though its mass be such that later it becomes a 
supergiant blue star. 

The question before us is: How rapidly does a proto-star progress from the zero of 
luminosity to an absolute brightness thousands of times that of the sun? 

4. Current astrophysical theory not only indicates the extreme youth of some of 
the supergiant stars but suggests that certain galaxies also may be of recent origin— 
not youthful, of course, with respect to the lives of the atoms of which they are com- 
posed, but youthful in their present display of millions of superluminous stars. The 
Large Cloud of Magellan is suggested as-possibly being such a young aggregation, 
and, if it were not for the presence of a number of what appear to be typical globular 
clusters (of very old stars) among the supergiant stars of that chaotic galaxy, we 
might surmise that it is all ‘‘new.’’ Both the dust, which dims or totally obscures 
the remoter galaxies, and the gaseous nebulosity are widely distributed throughout 
both Clouds and are especially abundant in the Large Cloud. 

It seems reasonable to surmise that stars may currently be coming into existence 
in the Clouds of Magellan; a number of exceedingly red objects, photographically 
faint because of low surface brightness, may now be in the course of their swift 
early contraction from globules of lightless dust to relatively stable stars. 

With this thought in mind, we have made a preliminary survey of the colors of 
stars in various sections of the Large Cloud. Thousands of reddish objects were 
examined. The material available is not ideal for such a research. We should have 
accurate measures in various colors to much fainter limits than we have attained, 
and we should have sets of photographs (or photoelectric measures) spaced at in- 
tervals of ten years for half a century. 
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5. The extremely red stars in the Large Magellanic Cloud, among which we 
should look for early stages in the transformation from lightless proto-stars to ra- 
diant blue giants, are illustrated dramatically by the two photographs (Fig. 1) of 
the region of the Tarantula Nebula (30 Doradus). 

The upper photograph was made with the MF 10-inch triplet at the Boyden Sta- 
tion, with an exposure of one hour. The emuslion is Eastman 103a-O, and the filter, 
Corning No. 5840 (UV). The resulting ultraviolet picture emphasizes the very 
blue stars, of which there are many in this part of the Cloud, and emphasizes also 
the diffuse nebulosity, which reveals the strength in emission of the higher-frequency 
Balmer lines of hydrogen. Very red low-temperature stars do not appear on this 
photograph. We are indebted to T. E. Houck for making the plate. 

The lower photograph of Figure 1 was made by W. D. Victor with the ADH 
Baker-Schmidt reflector at the Boyden Station with an exposure of two hours. The 
emulsion is Eastman I-N, and the filter Wratten No. 89A. The extremely blue 
stars are missing from this photograph, and most of the hydrogen emission makes 
no impression. Red stars of spectral class MO and later are conspicuous. 

The two photographs are amazingly different. The 30 Doradus Nebula and its 
involved cluster of supergiant stars are recognizable near the 2enters, and the images 
of stars of spectral type G appear nearly equal on the two photographs. <A few of the 
bright stars classified as GO by Miss Cannon in the Henry Draper Catalogue’ are 
marked on the upper photograph of Figure 1. Except for them, it would be dif- 
ficult to identify fields in common. 

The stars of medium color—types F5—K0—probably are largely superposed mem- 
bers of the galactic system. The extremely blue stars must be Cloud members (the 
galactic latitude is —33°), and most of the extremely red objects are probably 
young stars in the Cloud’s growing membership. Of the twenty-one stars that we 
have selected in Table 1 as being extraordinarily red, only two are in the vicinity of 
30 Doradus. 

6. To obtain rough color indices for some of the stars that may be in the rapid- 
transition stages, we have used plates made with the ADH reflector. The 
emulsions are 103a-O (blue) with no filter, 103a-E (red) with Corning No. 2403 filter, 
and I-N (infrared) with Wratten No. 89A filter. The Pg, magnitude sequence was 
based on the photoelectric work of Uco van Wijk,® who also determined the color 
indices, C, = Pg, — Pv», for a sequence of sixteen stars with Pg, magnitudes be- 
tween 10.3 and 14.6.We obtained our provisional infrared magnitude sequence by 
subtracting C, X 2.4 from the Pg, magnitudes, and used it to estimate rough magni- 
tudes of the stars that were found on inspection to be very faint photographically 
and bright on the infrared plates. The selection of stars and the magnitude 
estimates were made by Mrs. Nail. The red plate, 103a-E emulsion, was used as 
an intermediate guide and check. 

Of the seventy-five red stars measured, the distribution in infrared index, blue 
minus infrared, is as shown in Table 1. The twenty-one reddest stars, which should 
be watched in future years on the chance that they will show secular brightening and 
color change, have positions and infrared indices as shown in Table 2. The positions 
which are referred to the Harvard reticule system® are correct only to a minute of 
arc, but that degree of accuracy should be sufficient to identify such exceptionally 
red objects. One or more of these stars may be long-period or irregular variables of 
rapid change, but that is not likely since the blue and infrared plates were taken but 
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Fig. 1.—The region of 30 Doradus photographed in the ultraviolet (above) and in the 
infrared. East is at the top; north, at the right. Several stars of spectral class GO are 
indicated by short horizontal lines. 
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ten days apart. An examination of available long-exposure blue photographs of the 
stars tabulated above fails to reveal any certain variation. 


TABLE 1 
Pg —IR No. of Pg — IR No. of Pg —IR No. of Pg —IR No. of 


(Mag.) Stars (Mag.) Stars (Mag.) Stars (Mag.) Stars 
+3.8 l +4.7 9 +5.5 6 +6.3 1 
3.9 l 4.8 6 5.6 0 6.4 1 
4.0 1 4.9 5 5.7 l 6.5 4 
4.1 2 5.0 7 5.8 4 6.6 2 
4.2 2 5.1 3 5.9 l 6.7 2 
4.3 3 §.2 2 6.0 3 6.8 0 
4.4 0 5.3 2 6.1 0 6.9 0 
4.5 3 5.4 1 6.2 1 7.0 1 
4.6 0 
TABLE 2 
Co-ORDINATES INFRARED Co-ORDINATES INFRARED 
(SEconps or ARC) INDEX (Seconps or Arc) INDEX 
STAR xX = (Maa.) STar ra F (Maa.) 
12 6780 11160 6.5 48 12840 7920 6.0 
15 7740 10140 6.7 49 13500 6840 5.8 
16 7740 9240 6.5 50 12240 7380 6.5 
17 6420 8520 6.4 53 12900 6540 6.6 
19 9180 10200 6.6 60 11640 6000 5.7 
24 11820 10380 5.9 70 19260 8580 6.2 
30 10380 9180 6.3 71 17640 9780 5.8 
34 9240 7320 6.5 73 19080 14760 7.0 
35 10440 7380 6.0 76 15480 8100 5.8 
37 10740 6840 6.0 78 16080 6870 5.8 
42 11760 7500 6.7 


This preliminary investigation of the possibility of witnessing a bit of the early 
life and evolution of a star should, of course, be extended by deriving infrared magni- 
tudes for many objects, at the faintest limit of recording, on fast blue plates made 
with the largest available instruments. 


1 Leiden Ann., Vol. 17, Part 2, 1938. 

2 Harvard Bull., No. 912, p. 8, 1940. 

3 Publs. Astron. Soc. Pacific, 67, 29, 1955. 

*C. Payne-Gaposchkin, Variable Stars and Galactic Structure (London, 1954), p. 62, Table 3.6 
5 Harlow Shapley, these ProcEEDINGs, 25, 569, 1939 (Harvard Reprints, No. 187). 

6 Centennial Symposia, Harvard Obs. Monographs, No. 7, p. 54, 1948. 

7 Harvard Ann., Vol. 100, No. 6, 1936. 

8 Harvard Bull., No. 921, p. 7, 1952. 

® Harvard Ann., 60, 4, 1908. 











MAGELLANIC CLOUDS. XVII. SEVEN NOTES ON THE CEPHEID 
VARIABLES 


By HarLow SHAPLEY AND VIRGINIA McKIBBEN NAIL 
HARVARD COLLEGE OBSERVATORY 
Communicated July 20, 1955 


In rounding off this four-year series of studies of the Clouds of Magellan, we 
present in this communication some tabulations that will assist future students of 
these nearest of external galaxies in their work on the classical cepheids, especially 
in the use of our data on periods and magnitude. In the following pages we also 
report some new results on variable-star populations. 

Much remains to be done with the classical cepheids of the Clouds before a full 
knowledge is obtained of the four most outstanding characteristics of these vari- 
ables, namely, (1) their high frequency among the giant and supergiant stars of the 
Clouds; (2) the great abundance in the Small Cloud, especially outside its central 
area, of periods less than two days in length, which are extremely infrequent in the 
Large Cloud and apparently also relatively rare in our galactic system; (3) the 
correlation, at least in the Small Cloud, of average period length with distance from 
the high-density central regions of the Clouds; and (4) the dependence of the shape 
of the light curve on period length. There will be, of course, extensive work in the 
future on the other supergiant variables of the Clouds, many of which we have found 
and studied; and even more time should be devoted to investigating the nonvariable 
stars whose spectra and colors await exploitation. 


TABLE 1 
FIFTEEN VARIABLES AND THEIR PERIODS IN THE SMALL CLouD 
CO-ORDINATES 


(Seconps or Arc) PERIOD MEDIAN AMPLITUDE 
HV xX Y (Days) MAGNITUDE (Maa.) 
1383 9967 5536 1.67 16.65 1.3 
1703 13414 13791 2.02 16.60 0.6 
1707 13463 4449 1.66 16.10 0.8 
1715 13489 8574 6.3698 15.90 0.6 
1784 14027 8746 8.68274 15.50 0.6 
11253 10730 7691 1.5321 17.20 1.2 
11297 11942 9217 1.8911 17.15 1.3 
11298 11948 8123 1.5097 17.25 1.5 
11299 11987 8100 1.5515 16.85 i a 
11307 12170 7910 3.1498 17.00 1.2 
12899 3618 5418 1.690 16.65 1.3 
12900 5358 4500 1.603 16.90 1.4 
12901 8688 14232 1.166 17.15 1.5 
12902 9630 1902 1.13 17.15 1.3 
12903 11784 5086 1.619 16.60 1.4 


1. Fifteen New Cepheids in the Small Cloud —The data on variable stars in Table 
1, given in order of HV number, are collected from various investigations. None of 
the periods has heretofore been published; the discovery of the last five stars in 
the tabulation has not heretofore been announced. In general these stars have 
been found as a result of searches for the faintest variables in the Cloud, and it is 
therefore not surprising that eleven of the periods are less than two days in length. 
The first five variables were found by the examination of plates made with the 


Bruce refractor: variables 11253-11307 were found in the center of the Cloud on 


829 
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plates made with the 60-inch Rockefeller reflector; and the last five were found on 
more recent plates with the ADH reflector. 

2. Perrods for 178 Cepheids in the Large Cloud—The magnitudes and periods in 
Table 2 refer to cepheid variables that for the most part have appeared in the study 
of the bar of the Large Cloud! and in regions G and H (see Paper XV of this series), 
where we have searched for evidence of a tilt of the Cloud’s hypothetical central 
plane. None of these periods and photographic magnitudes has been reported 
earlier.2. Most of the variables of Table 2 were discovered (or suspected) by Miss 
Leavitt and by Mrs. 8. F. Lindsay. The last thirteen in the table were found re- 
cently by Mrs. Nail. The positions for the last five are given in Harvard Annals, 
Vol. 109, No. 12, appearing concurrently. 


TABLE 2 


New Perriops oF 178 CErHEID VARIABLES IN THE 
LARGE MaGnetic CLoup 


PERIOD Median Magnitude Period Median Magnitude 
HV (Days) Magnitude Range HV (Days) Magnitude Range 
874 12.6829 15.00 2.0 2508 3.77957 15.90 0.8 
889 25.7798 14.75 2.0 2512 2.86845 16.20 0.8 
890 5.77721 15.40 0.7 2513 6.62006 16.05 0.9 
891 17.1972 14.55 2.4 2514 5.9378 15.65 1.1 
892 15.9921 14.75 2.0 2515 5.9737 16.10 1.0 
895 12.9144 15.25 1.6 2517 7.1829 15.35 0.7 
898 12.6235 15.55 1.0 2518 4.28070 16.30 1.0 
948 4.48358 15.90 1.0 2519 3.374115 16.60 0.8 
954 5.85 15.25 0.9 2520 6.81236 15.50 0.8 
956 2.94735 16.10 1.0 2529 5.04551 15.60 0.8 
958 12.344 15.60 0.8 2531 5.28622 16.25 0.9 
959 5.60038 15.90 1.0 2539 4.94254 15.70 1.4 
961 4.12478 16.15 0.9 2540 28.2812 14.60 1.0 
962 4.15576 16.15 0.7 2542 7.17067 15.80 1.2 
965 5.88311 15.40 1.0 2545 3.16599 15.80 1.4 
968 8.07161 15.40 1.0 2547 4.46427 15.30 1.0 
972 7.49603 15.35 t.3 2552 7.31764 15.35 0.9 
973 15.8398 14.90 1.4 2560 4.16816 16.05 0.9 
974 7.4427 15.30 1.0 2589 5.93803 15.85 0.9 
983 3.09369 16.00 1.0 2590 4.14592 15.80 1.2 
985 15.9908 15.35 3 2592 2.5877 16.25 bia 
987 2.70999 16.30 1.2 2603 7.55024 15.30 1.2 
989 4.20677 15.85 1.3 2606 5.99272 15.50 1.0 
994 5.49473 16.15 0.9 2610 3.24078 16.35 Lea 
995 3.76848 15.15 Oe 2612 3.44825 16.50 1.2 
998 12.3207 15.20 1.0 2614 4.87429 15.80 1:2 
1000 7.22643 15.55 1.4 2623 3.80371 16.10 0.8 
1007 5.20207 15.25 1.5 2630 3.38020 16.40 1.2 
LOOS8 3.4179 15.85 0.7 2636 3.95304 15.90 1.0 
1009 3.2752 15.80 0.6 2637 4.06812 16.05 ‘3 
1014 7.959287 15.30 0.6 2643 3.77584 16.15 0.9 
1016 10.0445 15.65 1.4 2646 5.73720 16.00 1.0 
2267 8.37485 15.25 14 2658 3.39730 16.30 0.8 
2272 5.43124 15.45 1.3 2660 4.80068 16.60 1.0 
2285 12.631 15.50 1.3 2661 1.60919 16.60 0.7 
2290 3.69615 15.50 1.4 2664 4.99600 15.65 1.3 
2291 22.3284 14.95 2.0 2667 16.2224 14.50 1.85 
2292 21.2549 14.20 ys 2675 10.0190 15.45 1.1 
2295 7.8444 15.95 0.6 2680 8.66934 15.40 1.15 
2296 9.71100 15.70 0.85 2684 2.98276 16.00 1.2 
2297 9.05149 15.90 1.1 2686 6.56392 16.05 1.3 
2301 9.49767 14.50 0.8 2699 3.88236 16.40 1.0 
2303 4.8549 15.90 ee 2709 4.41238 15.60 0.9 
2319 17.4584 15.25 1.8 2714 5.34491 15.80 1.4 
2320 4+. 81183 16.15 1.0 2720 4.121111 15.85 1.1 
2321 12.7233 15.60 ia 2721 3.26989 16.40 0.8 
2324 14.4701 15.05 1:0 2723 4.23361 16.05 1.0 


Ce 
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TABLE 2—Continued 


; PrRIOD Median Magnitude Period Median Magnitude 
HV (Days) Magnitude Range HV (Days) Magnitude Range 
2325 1. 90747 16.35 0.8 2724 4.662276 16.05 3 
2327 3.74487 16.35 1.0 2725 2.74054 16.45 1.0 
2335 7.9282 15.60 1.1 2726 4.10988 15.90 0.75 
2373 3.19737 16.35 O.8 2729 6.133577 16.15 0.7 
2394 4.15419 16.10 1.0 2735 3. 1987164 16.40 0.8 
2413 t. 04529 16.35 0.8 2736 3.548223 16.25 0.7 
2442 8.45730 15.20 1.0 2737 3.30938 16.25 0.5 
2443 3.04596 16.80 0.8 2741 4.69829 16.30 0.6 
2477 1 83101 16.00 OLS 2746 2.88400 15.90 1.4 
2489 5.49245 15.95 0.7 . 2748 8.276912 15.60 1.1 
2502 5.67292 15.95 Ll 2750 2.3167 16.45 0.5 
2751 3.77768 16.50 1.0 5907 4.62794 15.95 1.1 
2757 3.79769 16.35 2 5909 3.30770 16.35 0.7 
2762 3.55129 16.40 0.5 5910 2.52451 16.85 | es 
2766 6.61284 16.15 0.75 5912 2.97093 16.30 ro 
2767 3.95293 16.25 6.7 5915 4.01587 16.15 0.7 
2769 tf 18731 16.15 1.0 5921 2.96480 16.30 0.9 
2775 t 064264 16.30 ee 5937 5.34574 16.35 0.7 
2777 t. 6337 16.15 1.25 5957 2.26491 16.45 0.7 
2783 2.78095 16.65 0.7 5971 3.7446 15.80 1.0 
2784 3.33370 16.20 0.8 5974 4.29937 15.75 0.7 
2785 2.91360 16.30 1.0 5975 3.17310 16.35 0.7 
2786 t. 01826 16.25 1.0 5976 5.3553 16.45 0.9 
5511 3.34011 15.85 | 5978 3.25924 16.30 0.8 
9518 2.86634 16.20 1.0 5979 11.5276 15.95 0.85 
5551 10.4867 15.40 1.0 5980 4.06070 16.20 on 
5558 3.083935 16.00 1.0 5982 4.71003 15.80 0.6 
5569 4.38106 16.35 1.0 5983 3.64372 16.00 0.65 
5595 5.19044 16.25 0.8 8040 5.2389 15.70 1.2 
5701 3.03000 16.25 1.0 11992 3.65247 16.05 1.2 
5729 5.57578 16.15 1.1 12030 2.075326 16.55 0.7 
5738 2.98039 16.95 0.7 12031 4.8209 16.05 0.7 
5775 4.60889 16.35 0.9 12037 6.80930 16.20 0.8 
5787 1.75249 16.65 0.5 12040 7.29581 15.80 0.8 
5809 3.40977 16.20 0.8 12046 4.47565 16.00 0.8 
5825 6.40660 16.00 0.8 12049 7.07058 15.45 1.1 
5826 6.05624 15.85 0.7 12057 4.9205 16.20 0.6 
5834 3.12207 15.45 0.8 12496 15.3 14.50 0.8 
5851 2.76214 16.60 1.0 12561 4.44 16.2 0.8 
5861 4.213897 15.80 0.85 12585 2.84 16.55 3 
5877 3.02142 16.35 0.7 12595 3.47 16.6: >0.95 
5892 2.84822 16.40 0.8 12723 3.49 16.35 0.9 


Our work on the periods of variable stars in the Large Cloud is completed with the 
publication of Table 2. 

In order to show that the variables of Table 2 are typical classical cepheids, we 
have collected in Figure 1 the mean light curves of six of the stars. The shortest and 
longest periods are included, one variable with a period approximately that of Delta 
Cephei, one variable of the sixteen-day cepheid type, with the usual large ampli- 
tude, and two with the double maxima that frequently appear among the light 
curves of cepheids with periods in the neighborhood of eight to ten days. All the 
curves are closely similar to those of variables of like period in the Galaxy. The 
amplitude of the twenty-eight-day star is somewhat less than usual, probably be- 
cause overlapping star images mask the true amplitude. 


3. <A Bibliography of Period Derivations.—In the Small Cloud the periods have 
been found for 670 cepheid variables (not counting 11 superposed cluster-type 
variables). In the Large Cloud the number of cepheid periods is 550 (in addition to 
32 superposed cluster variables). Table 3 presents a bibligraphy of the twenty 
papers in the Harvard Bulletins, Circulars, and Reprints and in the Astronomical 
Journal in which the periods of cepheid variables have been announced. 
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4. Amplitudes of Twenty Variables —Through an oversight, the ranges of varia- 
tion in magnitudes were omitted from Table 2 of Paper XIV of this series, which 
gives the logarithms of the periods and the median magnitudes of 20 new cepheids 
in the bar of the Large Cloud, The ranges are given herewith in Table 4. 
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TABLE 3 


BIBLIOGRAPHY OF ANNOUNCEMENTS OF PERIODS OF CEPHEIDS IN THE CLOUDS 


Title 


Small Cloud: 


‘ 


to 


~ 


). 


w 


] 


~ 


), 


_— 


12. 


Periods of 25 Variable Stars in the 
Small Magellanic Cloud 

The Magellanic Clouds. VII. The 
Photographic Period-Luminosity 
Curve 

New Periods for Variables in the 
Small Magellanic Cloud 

A Study of Forty-two Variable Stars 
in the Small Magellanie Cloud 

Periods and Light Curves of Twenty- 
two Variable Stars in the Northern 
Border of the Small Magellanic 
Cloud 

New Periods for Variable Stars in the 
Small Magellanic Cloud 

A Summary of the Periods and Me- 
dian Magnitudes of Magellanic 
Cloud Cepheids 

Galactic and Extragalactic Studies. 
VIII. A New Determination of 
the Period-Luminosity Curve 

Periods for 307 Variables in the Small 
Magellanic Cloud 


Galactic and Extragalactic Studies. 
XV. On the Distribution of Peri- 
ods for 343 Cepheids in the Small 
Magellanic Cloud 

Cepheid Variable Stars in the Small 
Magellanic Cloud 

List of 103 New Variable Stars and 
26 Periods in the Small Magellanic 
Cloud 

Three Notes on Variable Stars in the 
Small Magellanic Cloud 


Large Cloud: 


8 


ws 


om 


et 


~ 


oe 


~~ 


24, 





Notes on the Large Magellanic 
Cloud. III. <A Preliminary De- 
termination of the Period-Luminos- 
itv Relation 

Periods for Ninety-seven Variable 
Stars in the Large Magellanic 
Cloud 

A Summary of the Periods and Me- 
dian Magnitudes of Magellanic 
Cloud Cepheids 

Galactic and Extragalactic Studies. 
VII. Magnitudes of Forty Ceph- 
eids in the Large Magellanic 
Cloud 

Galactic and Extragalactic Studies. 
XIX. Giant Variable Stars in the 
Loop Nebula (30 Doradus) 

List of 105 New Variables, with 35 
New Periods in the Large Magel- 
lanic Cloud 

NGC 1866 and the Magellanic Cloud 
Variables 

On the Superluminous Variable Stars 
in the Large Magellanic Cloud 

New Variables and Periods in the 
Large Magellanie Cloud 

The Magellanic Clouds. XIV. The 
Bar of the Large Cloud 

The Magellanic Clouds. XV. On 

the Tilt of the Large Cloud 





Author 


Ee. C. Pickering (H. 8. 
Leavitt) 

H. Shapley, I. Yama- 
moto, and H. H. 
Wilson 

J. Mohr, D. Hoffleit 


H. Shapley, A. Morse 


H. B. Sawyer 


D. Hoffleit 


H. Shapley and V. 
McKibben 


H. Shapley 


V. McKibben, R. A. 
Craig, and F. W. 
Wright 

H. Shapley and V. 
McKibben 


H. Shapley and V. 
Mek. Nail 
V. MeK. Nail 


V. Mek. Nail 


H. Shapley 


D. Hoffleit 


H. Shapley and V. 
McKibben 


H. Shapley, V. Me- 
Kibben, and J. 
Mohr 


H. Shapley and V. 
Mek. Nail 


H. Shapley and V. 
McK. Nail 


H. Shapley and V. 
McK. Nail 

H. Shapley, V. McK. 
Nail, and W. G. Tifft 

V. MeK. Nail 


H. Shapley and V. 
McK. Nail 

V. McK. Nail and H. 

Shapley 









Publication 






H.C., No. 173, 1912 





H.C., No. 280, 1925 







H.B., No. 882, 1931 






H.B., No. 886, 1932 






H.C., No. 374, 1932 






H.B., No. 900, 1935 






H.C., No. 489, 1940 






H.R., No. 207, 1940 






H.C., No. 444, 1942 







H.R., No. 241, 1942 







H.R., Ser. I, No.25, 1948 






H.B., No. 919, 1949 






H.B., No. 920, 1951 






H.B., No. 883, 1931 







H.B., No. 905, 1937 






H.C., No. 439, 1940 






H.R., No. 202, 1940 








H.R., No. 306, 1948 






H.B., No. 919, 1949 







H.R., Ser. Il, No. 36, 1951 






A.J., 36, 139, 1951 





H.B., No. 921, 1952 






H.R., No. 407, 1955 






In press, 1955 
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5. Report on 455 Outlying Variables in the Large Cloud.—Mrs. Maribeth Wetzel is 
publishing in Harvard Annals, Vol. 109, No. 12, the positions and rough magni- 
tudes of 455 new variable stars. Eighty per cent of these are in four fields, each of 
approximately twenty square degrees, on the borders of the Large Cloud. The 
variables were discovered and measured on Bruce plates. The positions of the 
centers of these border fields are approximately as follows: 


5.4", —66°5; 5°44", —66°9; 5.4", —70°4; 5°49", —70°1. 
Doubtless the majority of these new variable stars are classical cepheids, but the 
periods are as yet unknown. 


TABLE 4 
AMPLITUDES OF NEw CEpuHeEtps (Harvard Reprints, No. 407) 


Amplitude Amplitude Amplitude Amplitude 
HV (Mag.) HV (Mag.) HV (Mag.) HV (Mag.) 
12321 0.6 12327 1.4 12333 0.7 12338 1.3 
12322 1.0 12328 0.7 12334 0.6 12339 ee 
12323 0.8: 12329 1.5 12335 0.9 12340 0.9 
12325 OF 12330 0.8 12336 0.7 12341 0.7 
12326 0.5 12332 0.9 12337 0.8 12342 1.3 


Considerably farther from the center of the Large Cloud, Mrs. Boyce and Mrs. 
Nail have searched plates of the MF series (10-inch refractor) in four fields with the 
following centers: 


4°30", —73°: 6°30", —73°: 4°50" —64°: 6°35", —62°6. 


These fields are between 6° and 10°5 of the Cloud’s geometrical center. In them, 
with one exception (HV 12253),* no classical cepheids were found. Therefore, it 
appears that in this survey we have gone beyond the limits of the Large Cloud, so 
far as cepheid variables are concerned. : 

6. The Most Outlying Variables of the Small Cloud.—Except in certain special 
regions,‘ the search for variables and the measurement of periods and magnitudes 
has not been completed. It may be, therefore, that in some directions from the 
centers of the Clouds we have overlooked the most distant variables which would be 
of value in delineating the extent of the star populations. Probably the brighter 
cepheids are more fully identified over the Clouds than the faint ones of shor*+ period. 
Notwithstanding this uncertainty, we have thought it worth while to list in Table 5 


TABLE 5 


OuTLYING CEPHEIDS OF THE SMALL CLouD 


CO-ORDINATES PERIOD CO-ORDINATES PrRiop 

HV i Y (Days) HV x r. (Days) 
12899 3618” 5418” 1.6906 2231 22120” 7120” 36.7 
11112 5226 4920 6.6774 2233 23178 4830 15.172 
12900 5358 4500 1.6038 865 23924 2424 33.3 
11113 5820 3894 3.21393 6320 Om 5™6 —75°44’0 10.093 
2225 20158 3833 13.2086 10386 1 46.1 —73 32.7 17.75 
2227 20661 4305 12.46 11210 ey Fe, —74 32.4 16.2 
2229 21018 5414 10.45 11211 2 20.1 —73 32.5 21.4 

863 21397 5445 29.0 


the positions and periods of variables of the Small Cloud that are more distant from 
. . Ow . . . . — . 
its geometrical center than 2-5 (in projection, approximately 7,500 light years). 
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The result is surprising. Eleven of the;fifteen variables have long periods—seven 
of them relatively very long periods. They are supergiant cepheids such as we 
normally find in regions of high star density. Earlier we had found that at a distance 
of one to two degrees from the geometrical center of the Small Cloud the periods are 
mostly less than two days in length. The first five stars in Table 5 are southwest of 
the Cloud center. The other ten are in the wing of the Cloud,’ and therefore what 
we have found is probably not a reversal near the Cloud borders of the period- 
distance relation but rather a suggestion that the wing is a special entity. Perhaps 
it has not always been associated with the Small Cloud. 

To examine further this peculiarity in period selection, Mrs. Nail has examined 
Bruce camera plates centered on the wing of the Cloud in a search for variables 
fainter than the supergiants of Table 5. Except for one superposed cluster-type 
variable, HV 12707, she finds nothing, and we must assume that the one- to two-day 
cepheids that prevail elsewhere in the Small Cloud are absent from the wing. 

On the average, the median magnitudes of the ten long-period cepheids of the 
wing lie above the mean period-magnitude curve for the Small Cloud. To balance 
this effect, the median magnitudes of the similar variables in the Cloud’s nucleus lie 
below the curve. Possibly we have here an indication of more than average dust in 
the main body of the Cloud. Baade has reported similar dimming in the spiral 
arms of M31.6 An analogous effect was found in the bar of the Large Cloud and is 
reported in Paper XV of this series. But in both Clouds a “background” effect 
may contribute uncertainty to the photometry. 

7. Comparative Statistics of the Variables in the Two Clouds.—The total number 
of stars bearing HV numbers is as shown below: 



















Small Cloud 







Large Cloud Total 


2,132 1,564 3,696 









Two or three hundred of these stars show such small variations that they could 
well be dropped. In our records we have already discarded several scores of such 
objects. But certainly we can reasonably estimate that in the two Clouds more 
than three thousand variable stars are now known that are brighter than the 
eighteenth magnitude and have amplitudes in excess of half a magnitude. 

Periods have been derived for 550 classical cepheids in the Large Cloud and for 
670 in the Small Cloud. In Table 6, where we compare the period distributions, 
the most striking contrast is in the relative numbers of cepheids with periods from 
The difference is best seen in percentages as follows: 











one to five days. 












PERCENTAGE PERCENTAGE 






Preriop INTERVAL LARGE SMALL Preriop INTERVAL LARGE SMALL 
(Days) CLoup CLoup (Days) CLovup CLoupD 

1-2 0.9 23.9 1-5 60.2 69.1 

2-3 12.2 ar. 5-10 23.5 16.0 

3-4 27.5 15.2 10-20 9.4 9.6 

4-5 19.6 8.5 >20 6.9 5.4 





These percentages might be slightly altered if we tabulated the data only for those 
various areas of the Clouds in which we have avoided possible effects of selection by 
making thorough discovery surveys. 

The census of all types of variables (Table 7) is by no means a complete survey. 
It reports merely what we have accomplished in a labor in which first attention was 







& 
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TABLE 6 
Periop DISTRIBUTION FOR 1,220 CEPHEIDS 


No. or VARIABLES No. or VARIABLES 
INTERVAL Large Small INTERVAL Large Small 
(Days) Cloud Cloud (Days) Cloud Cloud 
1-2 5 160 13-14 8 9 
2-3 67 144 14-15 2 7 
3-4 151 102 15-16 8 9 
4-5 108 57 16-17 2 8 
5-6 50 34 17-18 2 4 
6-7 29 27 18-19 2 2 
7-8 26 21 19-20 2 l 
8-9 16 13 20-25 13 7 
9-10 8 12 25-30 7 8 
10-11 9g 8 30-50 15 16 
11-12 7 7 >50 3 5 
12-13 10 9 Total 550 670 
TABLE 7 
NUMBERS OF VARIABLES OF IDENTIFIED TYPES 
Large Small Large Small 
Type Cloud Cloud Total Type Cloud Cloud Total 
Cepheid 550 670 1 , 220 Irregular 90 27 117 
Cluster 33 1] 44 Nova 5 4 9 
Eclipsing 50 27 77 ot: 75 751 5 
Long-period 23 12 35 be 8g fa 1 nasi 


given to the cepheids. The finding and identifying of other types has generally been 
incidental. All the cluster variables, but only very few of the eclipsing, long- 
period, and irregular variables, are superposed galactic stars. The novae are all 
members of the Clouds. 

The shortest and longest periods of the cepheids are the following: 


Shortest Periods Longest Periods 
Large Cloud HV 12024, 173129 HV 853, 1344 
Small Cloud HV 11197, 1.0742 HV 821, 127.1 


The numbers compared in Table 6 support and emphasize the earlier conclusion 
that a fundamental and striking difference exists in the frequency of classical 
cepheids with periods less than five days. The two Clouds are much alike in many 
properties. Both are permeated with dark and bright nebulosity, although in dif- 
ferent degrees; both are irregular in form; both are populated with highly luminous 
giant stars, variable and invariable, and with star clusters, globular and open. They 
are relatively near to each other, as galaxies go, and both have high positive veloci- 
ties with respect to the sun. It appears, therefore, that except for the difference 
in total luminosity and over-all size, this anomaly in the distribution of periods of 
their classical cepheids. is the most outstanding difference we have found in the 
structure and content of the two Clouds. 

1 These PROCEEDINGS, 41, 185-190, 1955 (Harvard Reprints, No. 407). 

2 Provisional periods had been given for HV 2709, HV 2714, and HV 2726. (Harvard Bull., No. 
905, Table IT, p. 26, 1937). 

3 Harvard Bull., No. 921, p. 1, 1952. 

4 These PROCEEDINGS, 26, 105-115, 1940 (Harvard Reprints, No. 192); these PROCEEDINGS, 28, 
200-204, 1942 (Harvard Reprints, No. 241); Harvard Bull., No. 916, 1942. 

> These PRocEEDINGS, 28, 204, 1942; Harvard Bull., No. 914, p. 8, 1940. 

6 Sky and Telescope, 14, 372, 1955. 








GALACTIC AND EXTRAGALACTIC STUDIES, XXIII. OPACITY OF THE 
SOUTHERN MILKY WAY DUST CLOUDS 


By HArLow SHAPLEY AND JACQUELINE SWEENEY 
HARVARD COLLEGE OBSERVATORY 
Communicated June 3, 1955 


The greater richness of the southern celestial hemisphere when compared with 
the northern is illustrated by its brightest constellations, Scorpius, Sagittarius, 
Centaurus, and Crux, and in such stellar giants of brightness and size as Sirius, 
Antares, Canopus, and Achernar. It is the hemisphere of the nearest external 
galaxies (the Magellanic Clouds) and of the central nucleus of our Milky Way. 
A consequence of the latter is that more than four-fifths of the known globular 
star clusters, including the two brightest, Omega Centauri and 47 Tucanae, are 
also southern, as is the heavily obscured Messier 4, probably the nearest of all 
globular clusters. But perhaps the most outstanding features of the southern sky 
are the brilliance of the gaseous nebulosities in Orion, Carina, and Sagittarius and 
the darkness of the large obscurations among the Milky Way star clouds, especially 
the darkness of the Coalsack and of the complex of obscurities around Rho Ophi- 
uchi. An examination of the opacity of these discrete dark nebulosities, and of 
the general cosmic dust that obscures the distant parts of the southern Milky Way, 
is reported in this communication. 

1. On the basis of galaxy counts on photographs made with the Mount Wilson 
reflectors, E. P. Hubble published in 1934 his well-known picture of the distribution 
of faint galaxies. He was able to take his sampling-survey southward only to dee- 
lination —30°. Hubble’s work on northern galaxies is now being reinforced, or 
actually supplanted, by the full-coverage atlas of the northern sky by C. D. Shane 
and his co-workers at the Lick Observatory and by the Schmidt camera atlas pre- 
pared on Mount Palomar with the collaboration of the National Geographic Society. 
The Lick survey extends into the southern sky as far as declination —23°; the 
National Geographic Society—Palomar Observatory Sky Atlas, to declination —27°. 
Farther south the only general coverage is that provided by the Bruce telescope 
at the Boyden Station, with some support provided in recent years by the Armagh- 
Dunsink-Harvard Baker-Schmidt reflector at that station. 

The principal value of Hubble’s survey was its outlining of the Region or Zone 
of “Avoidance.” The term, incidentally, is a misnomer. It was used by the 
senior author in pointing out the apparent absence of globular clusters in galactic 
latitudes lower than +5° and was later adopted by Hubble in describing the similar 
but wider “avoidance” of the Milky Way by the galaxies. Properly speaking, 
in both cases, we are dealing with a Region of Obscuration. Behind the dust 
clouds of the Milky Way there is undoubtedly a more or less uniform population of 
external galaxies, and probably in the direction of the galactic center there are un- 
discovered low-latitude globular star clusters. 

2. The plates available at the Harvard Observatory provide for a thorough 
check on the Region of Obscuration, both for the northern sky, where, however, 
the work can now best be furthered through the Lick and Palomar surveys, and 
for the southern sky, where the Bruce plates provide complete coverage. The 
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present report deals with the galaxy distribution, and the derivation of dust-cloud 
opacity, for a region that covers one-fifth of the whole sky. The survey extends in 
galactic longitude from 200° to 340°, in galactic latitude from +30° to —30°. 
More than four hundred long-exposure photographs have been used and approxi- 
mately sixty thousand galaxies marked. ‘The plates record stars fainter than the 
eighteenth magnitude and galaxies to magnitudes between 17.5 and 18.0, the 
limits depending on the speed of the photographic emulsions and the sky condi- 
tions. We adopt in this survey 17.7 as the average photographic magnitude limit 
for galaxies. 

In latitudes lower than +20° we cannot satisfactorily use the star-count method 
to set up magnitude sequences or to determine on each plate magnitudes for 
the faintest stars or galaxies. We have therefore in this survey assumed that all 
plates are equally penetrating when proper corrections are made for exposure 
time and plate quality. In this respect our method follows that used by Hubble 
in his sampling surveys. For 9 per cent of the plates exposure lengths deviate 
appreciably from the standard 3 hours, and corrections have been made to the 
galaxy counts, as follows: 


Exposure Time No. of Correction 
(Min.) Plates Factor 
100-120 2 1.5 
120-150 10 1.25 
>210 26 0.8 


The results of the survey are best shown in the diagrams of Figures 1 and 3, de- 
scribed below. They extend, in a sense, Hubble’s northern survey in low lati- 
tudes to the remainder of the Milky Way, but with a much fuller coverage. The 
tabular presentation of the data used for the diagrams will soon be published in 
the Harvard Observatory Annals, 106, No. 12. 

3. In addition to the 415 Bruce plates represented in the diagrams, a large num- 
ber of additional long-exposure plates, and some plates made with other telescopes, 
have been used for checking. The earliest of the plates was made in 1898, but 
only eighteen were made prior to 1910, and therefore the work depends chiefly on 
modern emulsions—Cramer Hi-Speed and Eastman 103a-O. Most of the photo- 
graphic work was done under the supervision of Dr. John 8. Paraskevopoulos, late 
superintendent of the Boyden Station. The examination of the plates has been 
carried through by a number of assistants all of whom have had extensive experience 
in the detecting of galaxy images; but the principal workers in the examination of 
plates and the construction of the diagrams have been Miss Jacqueline Sweeney, 
Pedro Kokaras, Miss Ann B. Hearn, and Miss Catherine M. Hanley. The senior 
author has examined and qualified all plates and examined also nearly all the galaxy 
images. 

The qualification of the plates has been made on an arbitrary scale that considers 
stellar image form and size and the nature of the background. Qualities have been 
reduced to ‘‘good”’ by the following scheme: 


No. of Correction No. of Correction 
Quality Plates Factor Quality Plates Factor 
10 44 1.0 6 34 1.8 
9 104 1.0 5 11 2.2 
8 141 1.0 4 1 2.6 
7 80 1.4 


The correction factors are applied to the galaxy counts. 
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4. For the construction of Figure 1 we have used the adjusted numbers of 
galaxies per square degree, No, for the central nine square degrees on each plate 
(a square three degrees on a side). In this central area the magnitudes and nebular 
counts need no correction for image deformation. For eighty-seven of the plates 
the coverage is increased by using the adjusted numbers of galaxies per square 
degree for the central twenty-one square degrees (see Fig. 2). This greater coverage 
was derived only for plates of the higher qualities centered at declinations south of 
—27°. North of that declination the fuller survey is left to northern telescopes. 
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Fig. 2.—Diagram of the numbering in the central twenty-one 
square-degree area of the Bruce plates. 


The counts for the outer twelve degrees in these enlarged areas were adjusted 
for distance from the center before they were combined with the Ny, data for the 
construction of Figure 1. 

The appropriate mean correction for distance from plate center for the twelve 
outlying square degrees was found by simply deriving (for the thirty-four most 
populous plates) the ratios of the number of galaxies in each of these outlying 
square degrees to the number per square degree in the central nine square degrees. 
The ratios are so nearly alike that we have used the mean ratio and applied it 
inversely to the total numbers for the outer twelve square degrees of each plate. 
The factor does vary slightly from square to square, as follows: 


— - -— _ -_— —— SQquaRE——-—-——_- — — - ————— 
10 11 12 13 14 15 16 17 18 19 20 

Mean ratio 0.70 0.81 0.77 0.73 0.79 0.63 0.67 0.84 0.81 0.79 0.81 

Mean error 0.06 0.06 0.06 0.09 0.07 0.04 0.06 0.05 0.07 0.08 0.07 





Vou. 41, 1955 ASTRONOMY: SHAPLEY AND SWEENEY 841 


The average mean ratio for all twelve squares is 0.76; it corresponds to an average 
magnitude loss in these outer regions of 6m = 0.20. The correction has been ap- 
plied only to those plates (higher latitudes) where Vy > 16. For the lower-latitude, 
less populous plates Vy averaged to be practically identical with Ny, probably as 
a result of misidentifications in crowded regions when images are distorted by coma. 

The shading in Figure | is heaviest for the areas of greatest opacity. It de- 
creases stepwise as follows: 


Average No. of Average No. of 

Galaxies per Estimated Galaxies per Estimated 

Square Degree Absorption* Square Degree Absorption* 
<2 >2"0 16-8 0"5-1"0 
1-2 1.5-270 32-16 0.0-0.5 
8-4 L.Q-1.5 >32 0.0 


* In excess of the average in the galactic polar zones. 


5. The following tabulation of the galactic co-ordinates of some of the outstand- 
ing features of the southern Milky Way shows their location with respect to the 
obscuration : 


l b l b 
NGC 2427 (large spiral )* 227° —12° a Centauri 284° — 1° 
Large Magellanic Cloud 247 — 33 VSF 233 (‘‘window’’) 301 —16 
n Carinae (nebula) 255 0 VSF 269 (‘“‘window’’) 307 — 20 
South celestial pole 270 —28 p Ophiuchi (obscuration) 322 +16 
Coalsack (obscuration ) 271 —- | Galactic center 327 —1 


w Centauri (globular cluster) 277 +15 


* Possibly a near-by heavily obscured spiral; see Astron. J., 59, 169, 1954. 


Within 10° of the great Eta Carinae nebulosity there are many galaxies. The 
globular cluster Omega Centauri is apparently obscured to the extent of more than 
half a magnitude, and its distance should therefore be estimated as somewhat 
less than 20,000 light years.' The Large Magellanic Cloud lies in a region fairly 
clear of obscuration, or possibly in front of a metagalactic cloud of distant galaxies. 

We now see that the Variable Star Fields 233 and 269, where we have worked 
extensively on the variable stars as indicators of the distance to the galactic 
center,? are no more free of obscuration than many equally low latitude areas in the 
third quadrant of galactic longitude; but these other areas, because of their low 
longitudes, can be of little use in finding the distance to the center. The Milky 
Way, so far as obscuration is concerned, is rather narrow in longitudes 210° to 260°, 
where there are many galaxies with latitudes less than +10°. The obscuration 
extends a little farther from the galactic circle into negative latitudes in this quad- 
rant, possibly reflecting the position of the observer slightly to the north of the 
galactic plane or perhaps indicating the need of an adjustment of a degree or so in 
the adopted position of the galactic poles. 

The diagrams here presented confirm the earlier evidence® of a substantial flare 
of obscuration over most of the south celestial polar zone, declination —60° to 
—90°. The affected region is the area between longitudes 250° and 290° and 
latitudes — 10° to —30°, where only one plate shows more than thirty-two galaxies 
per square degree. 

It should be remembered that a shortcoming of all this work, and especially of 
the attempt to evaluate opacities over small areas, is the necessary assumption of a 
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uniform surface distribution of galaxies. Clusters and clouds of galaxies are known 
to exist. One such approaches the galactic equator in longitude 210°, latitude 
—15°. And the extensive metagalactic cloud that appears in the vicinity of the 
Large Magellanic Cloud apparently extends to latitude —15° in longitude 250°. 

The apparent abundance of galaxies at / = 320°, b = —15° is surprising. The 
area is less than 20° from the galactic center. The region should be explored with 
the large reflectors to check the apparent transparency and to apply the galaxy 
variable star method for determining the distance to the galactic nucleus. 

















2 200° 220° 240° 260° 280° 300° 320° 340° 


Fic. 3.—Smoothed representation of the opacity of dust clouds in the southern Milky Way. 


The Bruce plates used in this survey actually cover the whole area within the 
bounds of / 200° to 340°, b +30° to —30°, but because of image distortion the 
outer parts of the plates are not dependable enough to be used for the diagrams. 
The competent coverage, however, is sufficient to justify interpolation over the 
whole area. In Figure 3 we give the smoothed result. This diagram, which can 
be taken as a summary of our work, should be useful in various investigations. 
For example, with this survey as a preliminary guide, the relation of neutral and 
ionized hydrogen to stars, star clouds, spiral arms, and obscuration can be more 
readily studied. 

1 These PROCEEDINGS, 30, 67, 1944. 

2 Harvard Circ. 411, 1936; these PRocEEDINGS, 25, 113, 1939. 

8 Harvord Ann., 105, 8, 1937. 
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INTRODUCTION 





Although a considerable literature exists on the localization of enzymes in the 
cells of multicellular organisms, little information is available dealing with the 
correlation of the microbial cell structure with its physiology. Most studies of 
the metabolic properties of microbial structures such as granules have been cyto- 
chemical—for example, using such oxidation-reduction indicators as Janus Green 
B, tetrazoles, and the Nadi reagent.! Interpretation of the results obtained with 
such methods has led to considerable controversy.” 

A more objective method is that used so extensively in studies with mammalian 
liver cells—namely, a direct determination of the chemical and physiological proper- 
ties of structures separated and isolated by differential centrifugation of cell ex- 
tracts. This technique has the advantage not only of being applicable to structures 
too small to be resolved in the light microscope but also of being adaptable to many 
enzymes with the specific enzymatic reaction being determined rather than some 
secondary, indicator reaction. Slonimsky and Hirsch* employed this method to 
differentiate normal and “petite” strains of Saccharomyces cerevisiae, and Gunsalus, 
Gunsalus, and Stanier‘ also used it to localize several enzymes in the mandelic acid 
metabolism of Pseudomonas fluorescens. 

The research described in this report illustrates the usefulness of this tool, par- 
ticularly when it is sharpened to include quantitative studies that enable the in- 
vestigator to draw up a balance sheet for all the cellular material and all the enzy- 
matic activity. Failure to do this may lead to confusing, contradictory, and even 
























erroneous conclusions. 







CRITERIA FOR LOCALIZATION 





To overcome the confusion that results from the use of qualitative data in cyto- 
chemical studies, it is necessary to set up criteria for determining the site of activity 
of an enzyme and for serving as standards of cytochemical significance. Initially, 
a balance sheet accounting for all the cellular mass and all the enzymic activity 
associated with it must be set up. If the intracellular distribution of some sub- 
stance is then to be ascertained, the amount of that substance recovered following 
fractionation must be essentially equal to that in the original cell extract. Low 
recoveries of an enzyme preclude a definite conclusion regarding its localization. 
For the association of a metabolic activity with a particular intracellular body, 
a large percentage of that activity must reside in the fraction isolated from the cell- 
free preparation composed of that structure. The presence of a small percentage 
of the activity in any one fraction can, at best, be of only doubtful cytochemical 
significance. 

If two cell components are responsible for a certain function, with one comprising 
a greater quantity of the protoplasmic material than the other, the low total ac- 
tivity in the less abundant constituent will frequently be overlooked. Such limi- 
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tations can be overcome by employing another useful criterion, viz., the concen- 
tration of the property in the subcellular unit. If, for example, this concentration 
standard is defined as the ratio of the specific activity (units of enzyme per milli- 
gram of nitrogen) in the fraction to that in the cell extract, then cytochemical sig- 
nificance should be ascribed only to a fraction which possesses a concentration 
coefficient equal to or greater than that of the unfractionated extract. 

Three requirements must therefore be satisfied to present valid data relating 
physiological properties of the cell to its subcellular constituents: (1) recovery of 
both enzyme and cell mass (nitrogen) in the isolated fractions must approach 100 
per cent of that found in the original bacterial extract; (2) a high percentage of 
the total activity must reside in the fraction to which the function is being attrib- 
uted; and (3) the concentration of the enzyme in the isolated fraction must be 
equal to or greater than that in the initial cell-free preparation. 


EXPERIMENTAL 


Methods.—Sixty grams of a washed cell paste of Azotobacter vinelandii O harvested 
from a 24-hour culture grown in nitrogen-free medium’ are ground with 10 gm. of 
levigated alumina and the mixture extracted with 100 ml. of a cold buffered lactose 
solution (0.15 M C.P. lactose in 0.02 M potassium phosphate buffer, pH 7.0). 
The alumina is removed by centrifugation at 650 X g for 15 minutes (centrifugal 
forces reported in this paper are the forces prevailing at the bottom of the centrifuge 
tube). All the material remaining above the white abrasive precipitate is recen- 
trifuged at 2,000 X g for 20 minutes in a refrigerated centrifuge; the clearer top 
layer is removed first, then the lower pink layer is carefully separated from the bot- 
tom tan sediment of cells. To the combined pink layers is added buffered lactose, 
and the suspension is resedimented at 2,000  g for 20 minutes. The pink material 
is again separated from the lower tan sediment, combined with the initial super- 
natant, and brought to 100 ml. with cold buffered lactose solution. This is desig- 
nated the cell extract, “CE.” A 75-ml. aliquot is removed and subjected to a cen- 
trifugal force of 7,000 X g for 30 minutes, and the residue is washed with a small 
amount of 0.15 M lactose and resedimented at 25,000 X g for 30 minutes. The 
particulate material is brought into a homogeneous suspension with a hand-model 
tissue grinder, diluted to 25 ml. with buffered lactose, and designated the large- 
particle fraction, ‘‘25p30.’’6 

The combined supernatants are centrifuged at 60,000 * g for 60 minutes; the 
pellet, suspended by a brief homogenization and brought to a 10.0-ml. volume with 
the lactose menstruum, is termed particulate fraction “60p60.”’ Fluffy material 
above the residue or material rising centripetally in the centrifuge tube is always 
kept with the nonsedimented components. After the supernatant is recentrifuged 
for 60 minutes at 144,000 X g, the precipitate is suspended in a 10.0-ml. volume and 
labeled the ‘‘144p60” particle fraction. To bring out residual granular components, 
KCl is added to a final concentration of 0.3 VM, and the 144pK30 fraction sedimented 
at 144,000 X g for 30 minutes. The volume of the final supernatant (“‘S” fraction) 
is accurately measured. The supernatant fraction is presumed to correspond to 
the “ground cytoplasm’’—i.e., the nonparticulate components of the cell. It is 
termed “soluble” in an operational rather than in a physicochemical sense. Thus a 
“soluble”? enzyme is one which cannot be sedimented by the maximum centrifugal 


forces employed. 
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For the localization of alkaline phosphatase, the extracting fluid consisted of 
0.15 M C.P. lactose-0.05 M KCl. Succinoxidase activity was determined by the 
method described by Repaske,? adenosine deaminase by a spectrophotometric 
technique,’ and alkaline phosphatase by the liberation of orthophosphate.® Cata- 
lase was determined manometrically,'® using the rate of O. evolution in the first 2 
minutes. 

General Properties—-The small particles (60p60, 144p60, 144pK30) sedimented 
during ultracentrifugation form a red gel-like pellet which is suspended only with 
difficulty. These fractions account for 15.3 per cent of the nitrogen of the cell 
extract (CE). The large-particle fraction (25p30) contributes 15.5 per cent of the 
total nitrogen and appears in the undisturbed centrifuge tube as a pink, loose layer 
sedimentable at low speeds. The rest of the cellular mass (66 per cent) is found in 
the clear, yellow supernatant fraction (S). 

The distribution of nucleic acids in the fractions is shown in Table 1. Pentose 
nucleic acid is found in both particulate and nonsedimentable components, its 
distribution paralleling that of the nitrogen. The similarities in concentrations 
among the various fractions indicates that there is no single site of PNA localiza- 
tion. Deoxypentose nucleic acid apparently is completely in the soluble ground 
plasm, with 92.5 per cent of the initial DNA found in that fraction alone. These 
data indicate that none of the particles separated in these studies represents an 
isolated nucleus. Such recovery of the DNA with the nonsedimentable constitu- 
ents is a peculiarity neither of A. vinelandii nor of the method of cell breakage, 
since similar results have been reported with numerous microérganisms with several 
different methods of disrupting the cell surface. 


TABLE 1 


INTRACELLULAR LOCALIZATION OF DEOXYPENTOSE 
Nucierc Actp (DNA) ano PENTOSE Nuc.Lerc Acip (PNA) 


- DNA ——PNA - 
FRACTION Per Cent CE Concentration Per Cent CE Concentration 
CE (100) (1.0) (100) (1.0) 
25p30 16.3 1.07 
60p60 as 0.82 
144p60 8.3 1.01 
144pK30 oh 5.4 0.96 
Ss 92.5 1.53 56.7 0.93 
Per cent recovery 92.5 89.4 


The finding of nuclear material with the nonparticulate cell constituents may 
not be a true reflection of the cell structure, since, in animal tissues at least, the 
nuclear membrane is fragile and may be ruptured by procedures used to break the 
cell. Alternatively, the bacterial nucleus may be organized in some more primitive 
form—for example, lacking a limiting membrane. Regardless of the explanation, 
it is evident that the bacterial DNA is not tightly bound to any granular structure. 
Since this compound is effectively soluble in azotobacter extracts, its presence in 
particle fractions may be used as a test of the degree of contamination of the gran- 
ules with the supernatant material. 

Photomicrographs of the 25p30 fraction reveal large, electron-dense structures 
varying in shape from oval to spherical. Direct measurements from the micro- 
graphs give a size range for these granules of 0.2—0.4 u in diameter, while estimation 
of diameter by the rate of sedimentation indicates particles of the order of 0.4 u. 
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These dimensions agree well with the size of the microscopically discernible granules 
in the intact azotobacter cell as well as in other bacteria. The submicroscopic 
granules of A. vinelandii are spherical in shape and cast a considerable shadow; 
their range in diameter is 15-25 my. Studies of their rate of sedimentation in the 
analytical centrifuge indicate the presence of two separate structures having diam- 
eters of 19 and 15 mu. 

If some other method of breakage was used to avoid the alumina, a white frac- 
tion was recovered which sedimented at a faster rate than the 25p30 particles. 
Upon isolation and purification, these structures were shown to be isolated cell 
walls. Because of the difficulties in achieving complete separation of walls from 
residual cells without exhaustive and time-consuming procedures, the wall layer was 
not included in any of these localization studies, although its enzymatic properties 
should prove interesting. 

Localization of Enzymes.—The intracellular distribution of succinoxidase, which 
catalyzes the aerobic oxidation of succinic acid, converting it to fumarate, is given 
in Table 2. Recovery of the activity of the extract is high, 92.7 per cent being 
found in the isolated fractions. The enzymatic activity is clearly a function of the 
cell granules as judged by both the percentage and the concentration criterion. 
More than 85 per cent of the activity recovered was found in the particles, the con- 
centration being six to thirty times greater in these than in the supernatant frac- 
tions. Significantly, most of the granule-bound activity is found with the smaller 
structures, only about one-fifth being in the 25p30 fraction. Even this activity 
may be a result of the occlusion of submicroscopic bodies, since such structures 
were always seen in electron photomicrographs of this fraction. It appears that 
succinoxidase is associated with the granular components of the azotobacter cell 
and primarily if not exclusively with the constituents of size 15-25 mu. 


TABLE 2 


SUCCINOXIDASE DISTRIBUTION IN FRACTIONS 
oF Azotobacter vinelandii* 





Per Cent Units 
Fraction Units CE Mg N Concentration 

CE 70,900 (100) 171 (1.0) 
25p30 11,600 16.4 201 1.18 
60p60 11,200 15.8 856 5.01 
144p60 18,000 25.4 573 3.35 
144pkK30 15,200 21.4 983 5.75 
Ss 9,700 13.7 33 0.19 
Per cent recovery 92.7 


* Assay: 16y M histidine, pH 6.5; 5 u™M MgSOx; 50 uM succinate; 
1 unit of succinoxidase: the amount of enzyme which utilizes 1 wl O2/br. 


KOH in center well; temp., 


Adenosine deaminase catalyzes the conversion of adenosine to inosine with the 


liberation of ammonia. 


composition of these metabolically important nucleosides. 


It probably functions in the interconversion or in the de- 
The enzyme from 


A. vinelandii forms inosine from adenosine in almost quantitative yields. The 
deaminase is exclusively found in the supernatant of the cell-free extract (Table 
3). The high recovery in the 8 fraction eliminated the need for further character- 


ization of the particles. 


The concentration coefficient in this single fraction was 


1.41. An identical distribution of this enzyme has been reported in cells of animal 
tissue.® 
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As shown in Table 4, an entirely different type of distribution is found for cata- 
lase. On the basis solely of the percentage criterion, it would appear that this 
enzyme is a property of the nonsedimentable portion of the cell constituents. But, 
since the concentrations in all fractions are similar to that of CE, i.e., about 1.0, 
it is evident that catalase is found in all parts of the bacterium in proportion to the 


TABLE 3 


Sire oF Activity oF ADENOSINE DEAMINASE* 


Units/ 
Fraction Units Per Cent CE Mg N Concentration 
CE 58 , 900 (100) 186 (1.0) 
Ss 55, 800 94.7 263 1.41 


Per cent recovery Tare 94.7 


* Assay: 12 uM histidine, pH 7.0; 0.2 46M adenosine; enzyme; water to 3.0 ml. 1 unit of adenosine deaminase: 
the amount of enzyme to give a change in ODg«5 of 0.001 per minute. 


nitrogen content of the structures involved. It is doubtful that absorption phe- 
nomena account for these data because of the high enzyme concentration in the 
particles. In support of the view that the H.O.-decomposing activity is in part 
granular are the observations that purified 40 S (Svedberg units) particles contain 
catalase."! 


TABLE 4 


INTRACELLULAR LOCALIZATION OF CATALASE 
AND ALKALINE PHOSPHATASE 


CATALASE* - - -—ALKALINE PHOSPHATASE t-—~ 
FRACTION Per Cent CE Concentration Per Cent CE Concentration 
CE (100) (1.0) (100) (1.0) 
25p30 8.3 1.37 3.7 0.23 
60p60 14.9 1.46 0.8 0.30 
144p60 17.8 1.35 1.2 0.17 
144pK30 3.3 0.96 Be 0.37 
Ss 53.1 0.85 91.7 1.39 
Per cent recovery 97.4 ns 98.6 


* Assay: 441 ~M H2Oe2; uM phosphate, pH 7.0; KOH in center well; temp., 30° C. 
t Assay: 100 uM 8B glycerophosphate; 200 »M veronal buffer, pH 9.5; 5 46M MgCl; enzyme; water to 5.0 ml. 
Determine orthophosphate after 15 minutes’ incubation at 38° C. 


Of especial significance to these studies is the intracellular localization of the 
alkaline phosphatase, since the latter is one of the few enzymes localized in bacteria 
by direct microscopic observation of a cytochemical reaction.'? Alkaline phos- 
phatase is clearly associated with the soluble cell material; the slight activity in 
the granules probably is of no cytochemical significance (Table 4). These bio- 
chemical data are in contradiction to the cytological results of Schaechter et al.,'” 
who employed the Gomori method; the use of this method for enzyme localization, 
however, has been criticized. !* 


SUMMARY AND CONCLUSIONS 


The intracellular localization of several enzymes has been studied in A. vine- 
landii O by isolation of the cellular constituents in a buffered lactose menstruum. 
Criteria have been discussed by which valid enzyme distribution in the bacterial 
cell can be ascertained. The succinoxidase system of the azotobacter is localized 
in the particles, with the greatest activity being associated with the submicroscopic 
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granules. Adenosine deaminase and alkaline phosphatase are found in the non- 
particulate components of the cell, whereas catalase appears to be associated with 
both granular and soluble cell material. The distribution results indicate a marked 
similarity of the organization of the microérganism to that of the cells of higher 
plants and animals, although the presence of a large granule which gives a positive 
metachromatic reaction for polymetaphosphate may indicate the presence of an 
energy-storage structure within the microbial cell. 

The absence of a nuclear particle in these bacterial extracts leads to some 
problems with regard to cytochemical studies. Although the ‘soluble’ fraction 
(S) represents to a great degree the ground substance of the cell, the presence of 
DNA in that fraction can result in erroneous conclusions. If there does exist a 
nuclear particle in bacteria, enzymes bound to it should be recovered in the DNA- 
containing fraction, namely 8S. It is still necessary, then, to find a means of isolating 
the bacterial nucleus free of the cell, so that its biochemical properties may be ex- 
amined directly. 

Its small size has made the bacterial cell difficult for the cytologist to study, 
but, as is illustrated in this paper, the role of the subcellular structures in the physi- 
ology of the organism can be simply and directly determined on structures isolated 
from ruptured cells. Nevertheless, there remains a definite need for microscopic 
studies in enzymatic cytochemistry, since biochemical techniques give no indication 
of the position and arrangement in the intact organism of the isolated structures. 


* This research was supported in part by grants from the Rockefeller Foundation and the 
Atomic Energy Commission. 

+ National Science Foundation Fellow. Present address: Department of Agronomy, Cornell 
University, Ithaca, New York. 
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THE NATURAL-SELECTION THEORY OF 
ANTIBODY FORMATION 


By Niexts K. JERNE* 
DIVISION OF BIOLOGY, CALIFORNIA INSTITUTE OF TECHNOLOGY, PASADENA, CALIFORNIA 


Communicated by M. Delbriick, September 14, 1956 


An immense amount of experimental data related to the problem of antibody for- 
mation has accumulated. Theories offering a basic interpretation of these observa- 
tions have, in contrast, been few. The theory formulated in the present paper, 
though highly speculative, attempts to provide a framework for the interpretation 
of the main features of antibody appearance in response to the injection of antigen 
into an animal. 

Two views concerning the mechanism of antibody formation are at present most 
widely favored. One is the “antigen-template”’ theory, developed by Breinl,! 
Haurowitz,':? Mudd,* Alexander,‘ and Pauling.» This theory assumes that anti- 
bodies can be produced only by cells in which the antigen is present. The specific 
affinity of an antibody molecule toward the antigen is due to a complementarity in 
structure derived from the folding of part of the polypeptide chain of a globulin 
molecule in direct contact with a determinant or haptenic region of the antigen. 
The antigen thus serves as a template in the final stage of formation of a globulin 
molecule. 

The other view tries to establish a similarity between antibody formation and 
adaptive enzyme formation and allows for the continued production of antibody 
after the antigen has disappeared from the body. This is the “‘modified-enzyme” 
theory, formulated by Burnet ®7 and Fenner.7. They propose that the introduction 
of an antigen into cells, containing enzymes directed toward the disposal of effete 
cells and cellular debris from the organism itself, induces the formation of “enzymic 
units” adapted toward the destruction of the antigen. A renewed contact with the 
antigen stimulates the replication of these enzymic units. Circulating antibody 
molecules are partial replicas of the modified enzymic units, carrying specificity but 
lacking enzymic action. 

The ‘“‘natural-selection” theory, proposed in the present paper, may be stated as 
follows: The role of the antigen is neither that of a template nor that of an enzyme 
modifier. The antigen is solely a selective carrier of spontaneously circulating anti- 
body to a system of cells which can reproduce this antibody. Globulin molecules 
are continuously being synthesized in an enormous variety of different configura- 
tions. Among the population of circulating globulin molecules there will, spon- 
taneously, be fractions possessing affinity toward any antigen to which the animal 
can respond. These are the so-called “natural” antibodies. The introduction of 
an antigen into the blood or into the lymph leads to the selective attachment to the 
antigen surface of those globulin molecules which happen to have a complementary 
configuration. The antigen carrying these molecules may then be engulfed by a 
phagocytic cell. When the globulin molecules thus brought into a cell have been 
dissociated from the surface of the antigen, the antigen has accomplished its role 
and can be eliminated. 

The introduction of the selected globulin molecules into a cell or the transfer of 
these molecules into another cell is the signal for the synthesis or reproduction of 
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molecules identical to those introduced, i.e., of specific antibodies. The release of 
these antibody molecules into the circulation will shift the composition of the popu- 
lation of circulating globulin molecules. Antigen, secondarily introduced into the 
circulation, now meets a larger concentration of specific molecules and carries a 
larger quantity of these, selected for the better-fitting ones, to the antibody-produc- 
ing apparatus, which already contains many cells engaged in the synthesis of mole- 
cules of these types of specificity. This leads to the more rapid reproduction of an 
improved assortment of antibody molecules, followed by a further directional shift 
in the circulating globulin population. The reproduction need not be highly faith- 
ful; copying mistakes will be harmless, and may occasionally produce an improved 
fit. When, in the absence of further antigen stimuli, no more pressure is exerted, 
the population will slowly revert toward a normal condition of equilibrium. The 
normal equilibrium may be upheld by a continuous reproduction of samples of the 
population of molecules circulating at any given moment. Somewhere, however, 
either in the beginning of the life of an animal or continuously, a spontaneous pro- 
duction of random specificities must take place. The spontaneously produced 
globulin molecules may be formed only in small numbers. Those among them that 
will attach themselves to structures in the body of the animal itself will be removed 
and will therefore not be available for reproduction. The absence of globulin 
molecules carrying these specificities will prevent a response to antigens of these 
specific types. 

Discussion.—Burnet and Fenner’ list a number of essential immunological ob- 
servations which are not satisfactorily accounted for by the antigen-template theory. 

1. The booster effect. A secondary stimulus with the same antigen provokes 
a more active production of antibody than does a primary stimulus. According 
to the natural-selection theory, this would be due to the fact that antigen injected 
secondarily encounters a larger concentration of specific antibodies in the circulation 
than were present at the time for the primary injection. More antibody molecules 
are therefore brought to the globulin-reproducing cells. 

2. The change in character of the antibody produced in response to repeated 
inoculations of the same antigen. The main changes observed are from “low-grade” 
antibody of low combining capacity, produced in the beginning of an immunization 
course, toward “more avid” antibody of high combining power, produced later.?~'° 
Besides this improvement in quality, an increase has been observed in the range of 
cross-reactions with related antigens. The present theory explains this develop- 
ment by natural selection. At the time of the primary stimulus the antigen injected 
finds only few globulin molecules in the circulation, showing various degrees of 
affinity toward the antigen surface patterns. At the time of a later stimulus in the 
course of immunization, when these molecules have been replicated in large num- 
bers, the antigen will find a larger concentration of globulin molecules fitting al] its 
surface patterns and will preferentially carry those which show the highest combin- 


ing capacity to the globulin-reproducing cells. 

3. The apparent exponential rise in circulating antibody during the first period 
of production. On the present theory this may be due to an autocatalytic replica- 
tion of the specific globulin molecules and to a multiplication of the cells. 

4. The continued production of antibody for long periods. The antigen- 
template theory could deal satisfactorily with this point if it could be shown that 
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sufficient antigen remains present during the entire period of antibody production." 
On the other hand, this theory would have to be abandoned if it could be shown 
that antibody production continues after the antigen has been eliminated from the 
body.'? The latter view is held by Burnet and Fenner, for the following reasons: 
Since circulating antibody has a rapid turnover, it must be continuously synthesized 
for long periods, and not only by the cells originally stimulated. The reticulo- 
endothelial cells and the plasma cells which are believed to be engaged in antibody 
production are short-lived cells. The repeated transfer of the original antigen from 
a disintegrating cell to another appropriate cell seems unlikely. According to the 
natural-selection theory, the continued antibody production after elimination of 
the antigen is natural, because the antigen will have completed its role when it has 
carried the antibody molecules to the reproducing apparatus. 

5. To this list we would add the observation that the surface of particulate anti- 
gens seems to play a dominant part in determining the specificity of the antibody 
molecules produced. Avery and Neil'* found that the antibody produced against 
suspensions of pneumococci is mainly directed against the surface presented by thes 
bacteria. White' who studied the antibody produced as a response to injectiou 
of Salmonella cells, concluded that “it would seem that the antiserum of the bacillus 
is overwhelmingly the antiserum of its surface rather than of its substance.”’” Henle 
et al. studying spermatozoa as antigens, and Morgan" who investigated the anti- 
gens of Shigella, arrived at similar conclusions. This predominance of the antigen 
surface is in harmony with the natural-selection theory of antibody formation be- 
cause the globulin molecules that are eligible for preferential reproduction are those 
that can attach themselves to the surface presented by the antigen before it is re- 
moved from the circulation. It would seem, however, to involve the antigen- 
template theory in difficulties. From the well-known experiments of Topley” it 
can be calculated that a rabbit, after two intravenous injections of formalin-killed 
Salmonella cells, synthesized about 100,000 antibody molecules per second per bac- 
terium that had been injected, and continued this rate of production for a period of 
many weeks. If we imagine that the bacteria serving as antigen templates were 
not broken down but resided in toto each in an antibody producing cell, this would 
entail impossible quantitative implications. If, however, the bacteria were broken 
down into many fragments, how would a cell in which one of these fragments served 
as antigen template be able to distinguish what part of the fragment had originally 
been at the surface of the intact bacterium? 

It seems worthwhile to consider more closely a theory which seems to provide 
simple explanations of these important immunological phenomena. Except for 
specificity toward an antigen, no known properties distinguish normal serum globu- 
lin from antibody. In the absence of antigen no directional pressure is imposed 
upon globulin synthesis, and it seems reasonable to assume that a great variety of 
configurations, due, perhaps, to various amino acid sequences at the specific sites of 
the globulin molecules, may develop at random. 

An immense body of experimental data testifies to the fact that normal sera from 
one animal species m2y contain antibodies against an enormous number of different 
bacteria, some of which are not known to be natural parasites to this species." 
Though these natural antibodies are often supposed to have evolved as a result of 
previous exposure to antigen, this attitude seems merely to reflect the definition of 








852 BACTERIOLOGY: N. K. JERNE Proc. N. ALS. 


an antibody as a substance produced in response to an antigen, which, however, 
does not imply that antibodies are not produced in the absence of, and prior to, ex- 
posure to an antigen. Doerr,'® summing up an extensive review of experimental 
data in this field, states: ‘‘We must accept that it has been definitely demonstrated 
that natural antibodies can develop without an antigenic stimulus, and that this 
spontaneous formation is by far the most frequent origin of natural antibodies 
against bacteria erythrocytes, toxins, and virus particles.”” The slight phagocytvsis 
promoting activity found in normal sera has been ascribed to the presence of normal 
specific opsonins. These substances may be equated with natural antibodies. 
Their activity can be specifically inhibited by hapten. It has been observed” that 
the ability of a rabbit to produce antibodies against bovine serum albumin or 
against an artificially conjugated antigen is related to the rate at which the injected 
antigen is removed from the blood. In poorly responding animals the antigen re- 
mains in circulation much longer than in good responders. We interpret this in 
terms of the spontaneous presence in the circulation of less or more specificially 
fitting globulin, which determines both the rate of phagocytic removal and the 
amount of specific globulin that will be carried to the globulin-reproducing system. 

The methods available for demonstrating the presence of specific antibody in 
serum rarely permit the detection of concentrations lower than 10'? or 10"! antibody 
molecules per milliliter. Even diphtheria antitoxin, by the extremely sensitive 
rabbit skin test, cannot be detected in dilutions containing less that 5 & 10" anti- 
toxin molecules per milliliter.’ Most sensitive, probably, is the demonstration of 
antibodies against bacteriophage,'®:?! which can be measured quantitatively in sera 
from normal animals.”? 

Among the comparatively small number, perhaps a few thousand, of antigen- 
antibody systems investigated, cross-reactions are by no means rare, suggesting 
that the number of specific configurations which a globulin molecule can exhibit is 
large but limited. Since normal mammalian serum contains more than 10" globu- 
lin molecules per milliliter, these may include a million 10! fractions of different 
specificity. This would seem an amply sufficient number. 

In what type of cells does the postulated replication of globulin molecules take 
place? The lymphoid tissue contains cells which are capable of producing globu- 
lin and antibody.** This tissue is scattered throughout the body but is mainly con- 
centrated in the bone marrow, the thymus, the spleen, the appendix, and various 
lymph nodes, totaling about 0.5 per cent of the body weight. The mesenchymal 
reticulum cells of the lymphoid tissue develop through a maturation series to one of 
three types of cells: phagocytic endothelial cells, lymphocytes, and plasma cells. 
The developmental and functional relationship between these closely associated 
cells is not clear. The phagocytic cells take up foreign particles from the blood and 
the lymph, and, since the blood is filtered through bone marrow and spleen, and the 
lymph through the lymph nodes, circulating phagocytes also come into close con- 
tact with the lymphoid tissue. Lymphocytes have a life-span of not more than a 
few days. It can be calculated that the daily output in the rabbit is of the order of 
10” of these cells. They circulate in the lymph and blood, and many seem to re- 
turn to the germinal centers of the lymphoid tissue. The lymphocytes seem to pro- 
duce some gamma globulin, but whether they take part in the production of anti- 
body after an antigen stimulus is undecided. The plasma cells, on the other hand, 
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are definitely involved. In conditions of hyperglobulinemia and of hyperimmuni- 
zation there is a large increase in plasma cells in the bone marrow and elsewhere. 
The injection of an antigen into the tissues of an animal leads to the production of 
antibody in the lymph node draining the injection site. During the days following 
the injection this lymph node exhibits marked mitotic activity. There is an in- 
crease in weight and a parallel increase in desoxyribonucleic acid (DNA). This is 
followed by a large increase in ribonucleic acid (RNA), which reaches a peak around 
the fifth day, coinciding with the period of greatest antibody increase. The RNA 
is mainly concentrated in the freely multiplying plasma cell precursors. The anti- 
body content of the lymph leaving the lymph node may be a °.. :dred times greater 
than that of the lymph entering the node, and most of this antibody leaving the 
node is inclosed in cells suspended in the lymph plasma, about 5 per cent of which 
may be plasma cells, the rest lymphocytes. After intravenous injections antibody- 
producing plasma cells can be recognized in the red pulp of the spleen. 

The thymus, though rich in nucleic acid and lymphocytes, develops no plasma 
cells and does not show any immunological activity, Burnet and Fenner,’ in spite 
of this, suggest that the lymphocytes may be responsible for maintenance of low 
levels of antibody long after the plasma cells have initiated the formation during 
the peak phase of the antibody response. Though they infer that, if this suggestion 
is true, the immunological function of the lymphocytes can hardly be their major 
one, it would be a different matter if the function included the maintenance of the 
circulating gamma globulin. Ina rabbit the half-life of circulating globulin is about 
5 days.** This means that the rabbit must daily synthesize about 10'* globulin 
molecules. For 10'° lymphocytes to accomplish this task, each would have to syn- 
thesize about a thousand globulin molecules per second. 

If it were true that antibody production after an antigen stimulus is the prefer- 
ential replication of selected globulin molecules, the production of normal globulin 
might be an unselective reproduction of the circulating globulin. This could be 
accomplished either by a mechanism by which a small fraction of circulating globu- 
lin could enter into lymphoid cells or by the transfer of synthesizing units from worn- 
out lymphocytes and plasma cells, returning to the lymphoid tissue, to young cells. 
In this way the animal would tend to preserve the spectrum of globulin specificities 
already present, and a drastic change could be accomplished only by a mechanism 
of preferential replication of a selected fraction of the circulating globulin. This 
would essentially reduce the production of both normal gamma globulin and anti- 
body to one mechanism: selective and unselective reproduction of circulating 
globulin molecules. 

Somewhere in the beginning, however, we have to postulate a spontaneous pro- 
duction of globulin molecules of a great variety of random specificities in order to 
start the process. Possibly a specialized lymphoid tissue, such as that of the thymus 
which is most active in embryonic and early independent life and decays soon after, 
is engaged in this function. If this small spontaneous production of globulin took 
place mainly in embryonic and early life, before the much Jarger body of cells later 
engaged in maintaining the composition of the circulating globulin by reproduction 
had started to function, the early removal of a specific fraction of molecules might 
lead to the permanent disappearance of this type of specificity. Such a mechanism 
could explain the absence in the blood of specific globulin against antigens of the 
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organism itself, since such globulin molecules, if spontaneously produced, would be 
removed by attachment to the auto-antigens and would no longer be available for 
reproduction. The absent specificities would include, besides auto-antibodies, 
natural antibody against antigens implanted in the animal during embryonic life. 
The absence from the circulation of such antibodies would, in turn, prevent response 
to a later antigenic stimulus of this type.** 

This might occur also if a specific type of globulin molecules could be removed 
from an adult animal, and might be the explanation of the “immunological paralysis” 
described by Felton:*: 7° the blocking of subsequent response by the administration 
of a large initial dose of pneumococcal polysaccharide. This hapten will induce the 
formation of antibody in mice only if the dose injected does not exceed a certain 
very small amount. Felton reported that only doses below 0.001 mg. of a certain 
preparation of such a polysaccharide were effective in engendering antibody forma- 
tion in mice. Thus the injection of more than 10'* molecules of polysaccharide of 
molecular weight 4,000 inhibited the response. Perhaps a certain fraction of the 
haptenic particles, by association with a protein, are capable of antigenic stimula- 
tion but cannot act when the larger, purely haptenic fraction eliminates all the spon- 
taneously present antibody molecules. 

The crucial point of the natural-selection theory is the postulate that the intro- 
duction of antibody molecules into appropriate cells can be the signal for the pro- 
duction of more of their kind. This notion is unfamiliar. However, as nothing is 
known about the mechanism of antibody synthesis in a cell, it would seem a priori 
more reasonable to assume that an animal can translate a stimulus, introduced by 
protein molecules which it has itself at one time produced, into an increased syn- 
thesis of this same type of molecules than to suppose that an animal can utilize all 
sorts of foreign substances and can build them functionally and semipermanently 
into the most intimate parts of its globulin-synthesizing cells. 

Any attempt to elaborate this notion into a picture of what may be the mechanism 
of a replication of specific protein must, at present, be highly speculative. It would 
seem profitable if, as the modified-enzyme theory tries to do, an analogy could be 
established on the cellular level between the induction of antibody synthesis in ani- 
mals and the induction of adaptive enzyme synthesis in microérganisms, since both 
entail the increased formation of a specific protein. Recent discussions?’ of the 
nature of adaptive enzyme formation are, however, also still in a speculative stage. 

Prior to induction, a small amount of the enzyme appears already to be spontane- 
ously present in the adaptable cells. Induction may involve the replication either 
of the enzyme molecules or of the elements which form the enzyme.” 

Since RNA seems to play a part in the organization of protein synthesis, it re 
been suggested that RNA acts as a template on which amino acids are assembled. 
RNA may thus determine the order of amino acid residues in the protein chain, and. 
reciprocally, as suggested by Caldwell and Hinshelwood,*’ a protein molecule may 
determine the order of the nucleotides in the synthesis of RNA. A reversible situa- 
tion of this kind, as Gale*® has pointed out, might account for his finding that labeled 
amino acids are incorporated into proteins of cells that have been prevented from 
synthesizing new protein by the lack of other essential amino acids. RNA does 
not seem to be synthesized unless amino acids are present, and optimal RNA syn- 
thesis occurs under conditions of optimal protein synthesis.*! If these syntheses 
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were coupled, it would seem feasible that the introduction of a protein molecule into 
a cell could initiate a replication of its specific structure. 

A mechanism of this sort would be needed for the present theory of antibody for- 
mation. If RNA is the template on which protein molecules are assembled, an 
antibody molecule introduced into the appropriate cell must be able either to ini- 
tiate the synthesis of specific RNA or to combine with pre-existing RNA. The 
latter possibility would imply either that the cells already contain a large variety of 
RNA structures of various specificities—i.e., that a cell is already potentially capable 
of synthesizing a large variety of globulin molecules of different specificity, the de- 
sired type being favored by the introduction of a globulin molecule of this type—or 
that there are only a smaller variety of different RNA structures present in the cell, 
upon a related one of which the inducing antibody molecule can impose its specificity. 

The present theory predicts that the amount of antibody produced in response to 
an antigen stimulus depends on the concentration of a type of circulating globulin 
which can attach itself specifically to the surface of this antigen. This could be 
tested in experiments of the following types. 

The rate of antibody production after a primary stimulus should depend on the 
concentration of spontaneous antibody already present in the circulation. It is a 
common observation that the response to an antigen of an animal whose serum al- 
ready contains a low level of specific antibody is greater than that of animals in 
which no antibody can be demonstrated.*? It should be possible, therefore, to in- 
crease the rate of antibody production by increasing the concentration of antibody 
circulating at the time of the primary antigenic stimulus. By introducing anti- 
body from an immunized donor animal into the blood of a recipient animal, prior to 
the injection of the antigen into the latter, enhanced antibody response to this 
antigen stimulus should be expected. The common finding in such an experiment 
is a depression of the response. However, experiments designed to test this point 
should take into account the fact that even when an animal of the same species is 
used as the donor of antibody, individual immunological differences residing in the 
globulin molecules may prevent the recipient animal from utilizing the globulin 
molecules supplied by the donor. Experiments would therefore have to be carried 
out between identical twins.** Also, when serum from a donor animal is used, the 
possibility should be considered that the antibody molecules may have been altered, 
during clotting, separation, and storage of the serum, from the form in which they 
existed in the circulating plasma. 

Also, it should be possible to decrease the rate of antibody production by de- 
creasing the concentration of antibody circulating at the time of the antigenic 
stimulus. Thus the injection of the corresponding hapten into the blood, prior to 
the antigen, should depress the antibody response. This may be the explanation 
of Felton’s experiment” mentioned above. 

The booster effect, i.e., the greater response to a secondary antigenic stimulus than 
to a primary one, should depend on the presence, at the time of the secondary stimu- 
lus, of antibody due to the primary stimulus. It has been observed that a booster 
response to diphtheria toxin does not occur in an animal after the effects, produced 
by the primary stimulus, have worn off and antitoxin is no longer demonstrable. 

In cases in which cross-reactivity between two pairs of antigen-antibody systems 
is due to related surface patterns, a secondary stimulus with the second antigen 
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following a primary stimulus with the first antigen may lead to the increased pro- 
duction of antibody of the first type. The second antigen would carry many mole- 
cules, formed in response to the first antigen, to the reproducing cells. This is what 
is usually called the “anamnestic reaction.” 

Summary.—A theory of antibody formation is proposed which postulates the 
spontaneous presence, in the blood of an animal, of small numbers of antibody mole- 
cules against all antigens to which the animal can respond, and delegates to the 
antigen the sole role of carrying such specific globulin molecules from the circulation 
into cells in which these molecules can induce the production of more of their kind. 

The theory offers an explanation for the presence in blood of a large pool of normal 
globulins, for the presence of natural antibodies, for the dominant part played by 
the surface of antigen particles in antibody induction, for the change in character of 
antibody during the course of immunization (by natural selection), for the exponen- 
tial increase during part of antibody production, for a continued production of anti- 
body in the absence of the antigen, for the booster phenomenon, for the absence of 
auto-antibodies, for immunological paralysis and haptenic inhibition, and for the 
anamnestic reaction. 


* Present address: State Serum Institute, Copenhagen, Denmark. Aided by a grant from the 
National Foundation for Infantile Paralysis. 
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It has been shown that for the lethal effect of X-rays on haploid yeast the 
dose is effectively halved for cells irradiated in the absence of oxygen.!' The 
knowledge that in yeast the onset of budding is accompanied by a great decrease 
in sensitivity to the lethal action of X-rays? and alpha particles* raises the question 
of internal protection at this time, possibly of the same sort as that conferred by 
externally imposed anoxia. If this were the case, one would expect anoxia to pro- 
vide little or no protection to cells in the process of budding. The additivity ex- 
periments to be reported here accordingly employed cells from actively growing 
cultures to insure the presence of adequate percentages of budding cells. 

In addition to the standard haploid strain of Saccharomyces cerevisiae (SC-7), the 
parental diploid (SC-6) and a derived tetraploid (X-33)* were studied. All cul- 
tures were grown aerobically at 30° C. on yeast extract glucose agar, harvested for 
experiments after 12-18 hours of growth, and spread on Petri dishes containing this 
medium for irradiation and postirradiation aerobic incubation (3 days at 30° C.). 
Survival ratios were obtained from colony counts of irradiated plates by reference 

















to unirradiated controls. 

Detailed accounts have been given both of the radiation source used, a low- 
voltage X-ray tube (Machlett OKG-60) operated at 50 kv. and 25 ma.*‘, and of the 
procedures employed in handling the yeast cells.2 The chamber used to maintain 
a nitrogen atmosphere for anoxic irradiations is shown in Figure 1. Tank nitrogen 
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under reduced pressure flows in one tube through the chamber and out the other, 
at which the rate of flow can be checked by watching the bubbles rising in the 
beaker. The nitrogen is confined by the rubber gasket between the Petri dish and 
the collar and by the cellophane window. Control tests have shown that (1) a 
nitrogen atmosphere does not affect the survival of unirradiated yeast, (2) the cello- 
phane window is sufficiently thin to be transparent to X-rays, and (3) one-minute 
flushing of each sample with nitrogen prior to irradiation is sufficient to insure maxi- 
mum protection, i.e., the twofold dose reduction previously obtained! using much 
more meticulous instrumentation. A preirradiation flushing of two minutes was 
routinely employed in the experiments to follow. 

Figure 2 shows representative survival curves of haploid yeast irradiated in the 
presence and in the absence of oxygen. Both curves show the compound character 
which has been shown? to typify the survival of cells from growing cultures. The 
initial exponential, representing the survival of interdivisional cells, is followed by 
a multiple hit component or “tail” which represents the survival of cells in the 
process of budding.* It can be seen that within experimental error an approxi- 
mately twofold protection is afforded by nitrogen throughout the observed range 
of survivals. 

Figures 3 and 4 show the results of similar experiments on diploid and tetraploid 
yeast, respectively. As in the case of the haploid, these curves show “tail’’ com- 
ponents at survival levels in agreement with the percentage of budding cells in the 
populations treated. Further, a dose reduction factor of about 2 relates the anoxic 
curves to the aerobic ones throughout their observed length. 

Three major conclusions can be drawn from the above results. First, the X-ray 
survival curves of yeast of all ploidies treated show radioresistant tail components 
corresponding in level of inception to the percentage of budding cells in the popu- 
lation and therefore, as has been shown rigorously? for the haploid strain, prob- 
ably representing the survival of this population moiety. Moreover, when the 
LD,w’s of the diploid and tetraploid tails are compared with that of the haploid, as 
is done in Table 1, it can be seen that the values for diploid and tetraploid cells 


TABLE 1 


Sensitivity Dara CoMPILED FROM SEVERAL AEROBIC AND ANOXIC EXPERIMENTS WITH YEAST 
oF DIFFERENT PLOIDY 


a3 Slope of Tai NITROGEN 
Dose Rate LDw (Tail) * Asymptotet (LDw [Tail] 
PLoipy (r/sEc) xX 10% r (LDio X 103 r) x 103 r) 
n 252 122 
n 252 106 aye uh 
n 252 156 46 318 
n 252 116 nde ale 
n 920 111 55 
n 252 147 38 an 
6a 2n 252 146 38 307 
6b 2n 920 144 43 ras 
7a 4n 252 116 50.4 252 
7b 4n 920 100 30.3 i 


* Dose requisite to produce 10 per cent survival, in this case taken from the zero-dose intercept of the tail extrap- 


olate. 
t Dose requisite for 90 per cent drop in survival on the asymptotic exponential portions of the tail regions of the 


survival curves. J ‘ 
¢ The use of a and b following the experiment number signifies parallel experiments done with the same material 


at the same time. 
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Fic. 1. The chamber employed in anoxic X-ray exposures 
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Fie. 2. Aerobic and anoxic survival curves of 
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right of the curves represent dose-reduction values 
taken from the curves at the indicated survival levels. 
Dotted sections represent back extrapolates of the tail 
portions. 










10> ROENTGENS 
50 100 150 200 250 300 
| T il 



































100 Gey: ee ~2Xx . 
~ 
a 
a 
2 
a O | + . 
3 Fig. 3. Aerobic and anoxic 
an survival curves ot diploid 
a yeast 
2 
w OO! 
O 
ec 
WwW 
row 
0.00! 
0.000If- 
0.00001 N Nl l J 
i@) 200 400 600 800 1000 1200 
SECONDS 
a 10> ROENTGENS 
10 | 
1005 ‘0 50 £00 250 300 
10 
as 
a 
ag 
> 
2 
7) Fic. 4. Aerobic and anoxic sur- 
b vival curves of tetraploid yeast 
WW 
© 
Li 0. 
a 
0.01 
’ 
’ 
0.00! oo 1 i 
° 200 400 600 800 1000 1200 
SECONDS 












Vou. 41, 1955 BIOCHEMISTRY: C. A. BEAM 861 


fall within the range of variation obtained from different experiments with the hap- 
loid. Although ploidy is an important determinant of the radiosensitivity of inter- 
divisional cells, as has been shown by many investigators and as can be seen in the 
early parts of the above curves, the radioresistance conferred by the onset of cell 
division appears to be independent of this factor. 

Second, the fact that anoxia provides the same protection to dividing cells as to 
interdivisional ones eliminates anoxia as the source of the high resistance of cells in 
the process of budding. If this high resistance arises through a protective mecha- 
nism rather than through changes in ‘‘target”’ material, it is by chains of events other 
than those involved in anoxic protection. 

A third point relates to current evidence concerning the nature of the lethal X-ray 
damage in yeast. The production of both recessive’ and dominant® lethal damage 
in yeast by X-rays has been demonstrated, and it has been shown that the X-ray 
survival curves of related strains of different ploidy can best be fitted if these two 
effects are induced in a ratio of about 15:1 per genome.‘ Thus, whereas haploid 
cells would be killed largely by recessive lethals, the role of dominant lethals would 
increase with increasing ploidy to the extent that tetraploid cells would be inactiv- 
ated almost exclusively by the latter effect. In these terms the above experiments 
show that the frequencies of recessive lethal damage (killing of interdivisional 
haploids), dominant lethal damage (killing of tetraploids’), and whatever com- 
bination of these and other effects inactivates dividing cells of all ploidies are re- 
duced to the same extent by anoxia. These results can be considered to support the 
widely held view that the role of oxygen in X-ray damage lies more probably in de- 
termining the nature or concentration of free radicals formed in early radiochemical 
events than in differentially affecting the cell’s relative sensitivity to different ter- 
minal biological changes. 

Summary.—The lethal effect of X-rays administered in the presence and absence 
of oxygen has been compared in dividing and interdivisional cells of haploid, diploid, 
and tetraploid strains of S. cerevisiae. An approximately twofold dose reduction 
was effected by anoxia in all instances. Considered in terms of the evidence for 
different modes of lethal action in these different systems, these findings favor the 
involvement of oxygen in early radiochemical events rather than in terminal 

































biological changes. 
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TRYPTOPHAN BIOSYNTHESIS IN: SALMONELLA TYPHIMURIUM * 
By SYDNEY BRENNERT 
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Communicated by M. Demerec, July 19, 1955 


Recent studies have demonstrated that tryptophan is synthesized in Escherichia 
coli from anthranilic acid via indole.!| A study has been made of tryptophan auxo- 
trophs of Salmonella typhimurium, and the results, reported below, indicate that 
the same pathway of tryptophan biosynthesis is followed in this strain. 

Ten tryptophan-requiring mutants of S. typhimurium, strain LT2, kindly pro- 
vided by Dr. M. Demerec, have been investigated. The nutritional properties of 
the strains were established by inoculating ca. 10° cells into 5 ml. of A medium? 
with added supplements and incubating the cultures for 18 hours at 37° C. Ae- 
cumulations were studied by centrifuging 48-hour-aerated cultures of the strains in 
A medium supplemented with 5 ug/ml L-tryptophan, followed by the application of 
various procedures to the supernatant fluids. Anthranilic acid was identified by 
its characteristic blue fluorescence, by its ultraviolet absorption spectrum with a 
maximum at 3100 A, by the red-purple color (absorption maximum at 5550 A) de- 
veloped with the Bratton-Marshall reagents’ and prevention of color development 
by prior acetylation, and by paper chromatography. Compound B is an as yet 
unidentified substance characterized by an ultraviolet absorption maximum at 
2780 A, a blue color (absorption maximum at 6250 A) with the Bratton-Marshall 
reagents unaffected by prior acetylation, insolubility in ether, no color reaction 
with p-dimethylaminobenzaldehyde, and conversion to indole by steam distillation 
in the presence of 0.1 N NaOH.‘ Indole was identified by its solubility in ether, 
the characteristic rose color developed with p-dimethylaminobenzaldehyde, and a 
red color reaction (absorption maximum at 5350 A) with the Bratton-Marshall 
reagents which is unaffected by prior acetylation. 

The results are given in Table 1, from which it can be seen that the mutants can 
be divided into four distinct groups. Demerec and his collaborators® have shown 
that these mutants can be separated into four classes, depending on the frequencies 


TABLE 1 
GROWTH REQUIREMENTS AND ACCUMULATIONS OF TRYPTOPHAN 
Avuxorropus oF S. T'yphimurtum 


Growtnh tn A Mepium pius 20 we/MuL 
- ——SuUPPLEMENTS —_—— 


Anthra- L- 
nilic Trypto- 
try-MUTANTS None Acid Indole phan ACCUMULATIONS Group 

—8 - + + + None detected I 

—2; -—4 = = oo + Anthranilie acid Il 

—3 _ ~ + + Compound B III 

—1; -—6; -—7; —9; ~ - ~ + Mixture of compound IV 

—10; —11 B and indole 
of transductions; transductions betsveen members of the same class occur with a 


smaller frequency than do those between members of different classes. The 
indication is that all the members of one transduction class possess mutations in the 
same gene locus (nonidentical alleles), while different classes are characterized by } 
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mutations in separate loci. A comparison of the present findings with those of 
Demerec has shown that the four phenotypic groups are identical with the four 
transduction classes, which suggests that each group is characterized by a block in 
one of the steps of tryptophan biosynthesis and that each block is produced by mu- 
tation in one gene locus. The data are therefore consistent with the following 
biosynthetic pathway in which each step is controlled by a single gene: 


Anthranilic __|__, | Compound; _|_. Indole —-—> Tryptophan 
acid B 
I II IT] IV 


The precise role of compound B as an intermediate has not yet been determined. 
It possesses no growth-promoting activity for mutants blocked in earlier stages 
and may, in fact, be produced as a side reaction of the normal intermediate. This 
problem is at present under investigation. 


The author wishes to express his gratitude to Dr. M. Demeree for providing facili- 
ties for this work. 


* Supported in part by a grant-in-aid from the American Cancer Society upon recommendation 
of the Committee on Growth of the National Research Council. 

t Fellow of the Carnegie Corporation of New York, 1954. Present address: Department of 
Physiology, University of the Witwatersrand Medical School, Johannesburg, South Africa. 

1J.S. Gots, W. Y. Koh, and G. R. Hunt, J. Gen. Microbiol., 11, 7, 1954; C. Yanofsky, Science, 
121, 138, 1955, and Biochim. et biophys. acta, 16, 594, 1955; F. Gibson, M. J. Jones, and H. 
Teltscher, Nature, 175, 853, 1955. 

2 B. D. Davis and E. 8. Mingioli, J. Bacteriol., 60, 17, 1950. 

3 A.C. Bratton and E. K. Marshall, J. Biol. Chem., 128, 537, 1939. 

*S. Brenner (unpublished). 

5 M. Demerec, personal communication; Carnegie Inst. Wash. Year Book, 53, 227, 1954. 


AMINO ACID ADSORPTION AND PROTEIN SYNTHESIS 
IN ESCHERICHIA COLI* 
By R. J. Brirren, R. B. Roperts, anno E. F. FRENcH 
DEPARTMENT OF TERRESTRIAL MAGNETISM, CARNEGIE INSTITUTION 


OF WASHINGTON, WASHINGTON, D.C. 
Read before the Academy, April 25, 1955; communicated by M. A. Tuve, July 20, 1955 


Two quite distinct theories of protein synthesis are currently popular. One 
holds that amino acids are linked into small peptides which then serve as building 
blocks for the proteins. The other postulates that amino acids are individually 
adsorbed on a large template molecule and are then linked together into the poly- 
peptide chains. This paper reports the results of studies of amino acid incor- 
poration by growing Escherichia coli. The results furnish experimental evidence 


in favor of the template theory. 

When ZL. coli cells (grown in a medium! containing glucose, salts, and ammonia) 
are washed and treated with cold 5 per cent trichloroacetic acid (TCA), a number 
of amino acids are extracted. These amino acids are transient intermediates of 
synthesis. When C'*-glucose is added to the medium, their specific radioactivity 
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rises more rapidly than that of the cell as a whole. They equally rapidly lose 
their radioactivity when the C'-glucose is replaced by C1!*-glucose. The radio- 
activity thus lost by the TCA-soluble fraction of the cells is transferred to the 
protein fraction. It therefore appeared that a study of the TCA-soluble fraction 
and its kinetic relationship to the protein fractions of the cell might throw some 
light on the mechanisms of protein synthesis. 

The quantity of individual amino acids occurring in the TCA-soluble fraction 
depends on the conditions of growth of these cells. In the absence of supplements, 
glutamic acid, alanine, and valine are major components, while traces of other 
amino acids are present, and proline and methionine cannot be detected. When 
amino acids (including proline and methionine) are added as supplements to the 
medium, they appear in the TCA-soluble fraction. 

Since £. coli is highly permeable to amino acids, it appears that the amino acids 
extracted by TCA are held within the cell by a loose binding which can be broken 
by 5 per cent TCA. For simplicity in discussion these transient loosely bound 
amino acids will be referred to as ‘“‘adsorbed” even though neither the site nor the 
nature of the binding has been identified. 

The time course of adsorption and incorporation of amino acids into protein can 
be measured accurately by adding to growing cultures of bacteria small quantities 
of highly radioactive amino acids (25 per cent C'). To measure the total uptake 
of radioactivity, samples of bacteria were harvested by passing the suspension 
through porous collodion membrane filters, a process requiring only 5-10 seconds. 
To measure the incorporation into the protein, samples of the cell suspension were 
injected into an equal volume of 10 per cent TCA and after 15 minutes at room tem- 
perature were filtered as described above. The incorporation of radioactivity into 
the whole cell and into the TCA-precipitable fraction could thus be measured 
under identical conditions. The difference gives the uptake into the TCA-soluble 
fraction of the cell and measures the adsorbed quantity of amino acid. Measure- 
ments have been made of the quantity of amino acid adsorbed on the filter in the 
absence of cells, and, where necessary, appropriate corrections have been made. 

A typical experiment proceeds as follows: The tracer amino acid dissolved in 
the culture medium is injected with a hypodermic syringe into a suspension of grow- 
ing cells, giving complete mixing within 1 or 2 seconds. Samples are withdrawn 
with a small hypodermic syringe (arranged with a stop so that it delivers a constant 
sample size) and squirted onto the filter or into TCA. 

Figure 1 shows the results of an experiment measuring the uptake of C'‘-proline. 
After a lag of less than 10 seconds the proline is taken up into the compounds of the 
TCA precipitate at a constant rate until the supply in the medium approaches ex- 
haustion. The total quantity taken up into the cell rises rapidly at first and then 
parallels the uptake into the protein. The difference between these two curves 
measures the quantity of adsorbed proline. This quantity rises rapidly at first, 
then remains constant for a period, and finally decreases as the proline is trans- 
ferred to the protein after the supply in the medium is exhausted. The concen- 
tration of TCA-soluble proline per milliliter of cells is 500—-1,000 times the concen- 
tration of proline in the medium, showing that the proline is bound in a nondiffusible 
form. 
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The radioactive material extracted from the cells with TCA after a 1-minute 
exposure to C'*-proline in a similar experiment has been shown to be authentic 
proline by paper-chromatographic fingerprinting. We have not yet succeeded 
in removing the adsorbed proline from the cell and still preserving its association 
with other cellular components. 
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Fic. 1.—Incorporation of C'*-proline by a suspension of grow- 
ing FE. coli cells. The temperature was 24° C. and the generation 
time about 2'/; hours. The suspension contained glucose, 
ammonia, mineral salts, 1(—)C!*-proline at 1.2 X 10~* molar 
and 0.2 mg. (dry weight) of cells per ml. 


The cold TCA precipitate has been further fractionated,! and the results are shown 
in Table 1. The distribution among the fractions of the cold TCA precipitate is 
similar to that observed for other tracers which label cellular proteins. Chroma- 
tography of these fractions before hydrolysis shows no separation of the radio- 
activity from the proteins. Chromatography after hydrolysis shows that the 
radioactivity is almost entirely in proline, with traces in glutamic acid and arginine. 


TABLE 1* 


FRACTIONATION OF CoLp TCA PREcIPITATE 


Per Cent of Per Cent of 

Fraction Radioactivity Fraction Radioactivity 
Cold TCA precipitate 100 Hot TCA-soluble 5 
Hot ethanol-soluble 15 Hot TCA precipitate 8 


* In an experiment similar to that shown in Fig. 1 a sample of the suspension was injected into TCA at 
1 minute. After 15 minutes the TCA precipitate was harvested and extracted with 80 per cent ethanol 
for one-half hour at 80° C. This precipitate was then extracted with 5 per cent TCA at 90° C. for one 
half hour, leaving nearly pure protein as the final precipitate. 


The adsorption of proline is highly specific. Figure 2 shows the uptake of C!- 
proline under the same conditions as those in the experiment of Figure 1, except that 
fifteen other amino acids were added, each at 100 times the concentration of the 
proline. A proline contamination of 0.2 per cent in any of the other amino acids is 
sufficient to account for the slight difference between Figure 1 and Figure 2. If 
the adsorption of proline were not specific, the quantity adsorbed would have been 
reduced several hundredfold. When the proline is supplied at high concentra- 
tions (10-* MW), a greater adsorption (20 uM/gm dry) is observed. In this case 
the adsorption is reduced by the presence of other amino acids. It thus appears 
that there are two types of sites: specific sites which are the only ones involved 
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at the low concentrations used in most of these experiments and nonspecific sites 
which become prominent at higher concentrations. 

The adsorption process also requires energy. Figure 3 shows the results of an 
experiment in which cells which had exhausted the supply of glucose several hours 
previously were supplied C'-proline. The rate of adsorption is reduced by ap- 
proximately a factor of 20. 




















0 7; 

a This residual rate is prob- 
ic ably due to endogenous re- 
a serves of energy which 
S slowly become available. 
£%) When glucose is added along 
37] with the C'*-proline, adsorp- 
fl tion begins instantly and 
207 : : 3 i ; the protein synthesis seems 


SAMPLING TIME —MINUTES 

Fic. 2.—Incorporation of C'-proline in the presence of : 
other amino acids. The suspension was identical to that of | Minute. 
Figure 1 with the addition of 0.013 mg per ml (about 10~* On the other hand, ad- 
molar) of each of the following: alanine, arginine, aspartic — |. : | ler 
acid, glutamic acid, glycine, histidine, isoleucine, leucine, SOrPUon can proceed unde! 
es eae? phenylalanine, serine, threonine, tyrosine certain conditions in which 
and valine. 


to be delayed for less than a 


protein synthesis is blocked. 
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rom v é | ferred to the protein until 


methionine was added to the 
medium. Similarly, nitrogen- 
deficient cells or cells treated 
with chloramphenicol (50 ug/ 
ml) could adsorb proline even 
though its incorporation into 
protein was blocked. 

6 7 a The experiments described 
above show that the adsorbed 


id PROTEINS, * 


COUNTING RATE 


~ 




















0 / 2 


3 4 5 

SAMPLING TIME—MINUTES 
Fic. 3.—Effect of glucose on the incorporation of C4- 

proline. Lower curves (solid line) show the incorpora- materials pass on into the pro- 


tion in the absence of glucose. The upper curves (dotted Salis ‘esis cake ciilantitihlicens tai 
line) show the incorporation when 0.1 per cent glucose %1N and that the adsorption Is a 


was added with the C''-proline. C'* proline concentra- specific process suggesting sites 
tion, 0.28 X 10~* molar; cell concentration, 0.07 mg. 


(dry weight) per ml.; temperature, 37° C. involved in protein synthesis. 


They do not tell whether it is 
necessary for the amino acid to pass through the adsorbed pool to be utilized for 
protein synthesis or whether the adsorption is merely a storage mechanism. 

To distinguish between these alternatives, a suspension of cells was pretreated 
for 1 minute in a solution of nonradioactive proline to build up within the cell a 
pool of unlabeled proline; then labeled proline was added and a series of samples 


withdrawn. 
Figure 4 shows that there is a delay in the incorporation into the protein. The 
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shape of the incorporation curve agrees remarkably well with a curve calculated on 
the assumption that the slope of the protein-incorporation curve is proportional 
to the radioactivity of the adsorbed pool. Since the cells were pretreated with un- 
labeled proline, the total amount of proline in the adsorbed state should be approxi- 
mately constant until the exogenous proline approaches exhaustion. Thus, if the 
adsorbed proline is the only source of proline for the protein and supplies proline 
at a constant rate, the rate of entry of radioactive proline into the protein will be 
proportional to the radioactivity of the adsorbed pool. If even a few per cent of 
the proline entering the protein had by-passed the adsorbed state, it would have 
caused a detectable initial rise in the protein-incorporation curve. Thus it is 
clear that the adsorption process is a necessary step in the incorporation of exog- 
enous proline into the protein. 





] 
ADSORPTION AND PROTEIN INCORPORATION OF C4PROLINE 
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SAMPLING TIME - MINUTES 
Fia. 4.—C'!*-proline (0.8 & 10~* molar) was added 1 minute before 
the carrier-free C'*-proline. An amount of medium was added with 
the C!4-proline so that there was no change in proline concentration. 


At 0° C. the adsorption is negligible, as might be expected in an energy-requiring 
process. However, exchange can occur. Growing cells were suspended in un- 
labeled proline for 2 minutes at 24° C. and then chilled to 0° C., the chilling process 
taking about 5 minutes. C'-proline was then added to the system and a series 
of samples taken. Figure 5 shows that the labeled proline entered the TCA- 
soluble fraction of the cell, but almost no incorporation into the TCA precipitate 
occurred. It appears that the external C'*-proline exchanged with the C!?-proline 
that was previously adsorbed at 24° C. and had remained on the sites during the 
chilling process. To show that exchange was occurring, a small amount of C!- 
proline was added after equilibrium had been approached. The amount of C'- 
proline adsorbed then fell as a new exchange equilibrium was approached. Speci- 
ficity for proline adsorption was again shown, since the equilibrium was not 
displaced by the addition of a hundredfold excess of each of fifteen other amino 
acids. 
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Fig. 5 —Exchange between adsorbed and exogenous proline at 0° C. At 28 min- 
utes C!*-proline was added. Circles represent total incorporation, triangles incor- 
poration into TCA precipitate. 



































In order to study the stability of the binding of the proline, a suspension was 
prepared as above. After exchange equilibrium at 0° C. had been achieved, the 
cells were exposed to various reagents at 0° C. The data of Table 2 show that the 
adsorbed proline is freed from the cells by mild treatment—small shifts in pH or 
moderate concentrations of ethanol. It is indicated that the proline is not held by 
stable chemical bonds. 


TABLE 2* 
EXTRACTION OF ADSORBED PROLINE 


Per Cent of TCA- 
Final | soluble Proline 
Added Reagent Concentration Extracted 


TCA 5% 100 
TCA 0.25% 20 
Ethanol Q% 0 
Ethanol 47 
Ethanol é 95 
Ethanol 107 
Butanol 90 
Toluene 20 
Pyridine 1% 0 
Roceal 5 100 
Dinitrophenol 40 
Glucose 
NaCl 
NaOH 
NaOH 
NaOH 
HCl 
HCl 
HCl pH 
HCl pH 
HCl pH 
HCl pH 
HCl pH 1. 
Chill to —80° C. {Once 

and thaw \ Twice 
Sonic disintegration to reduce 

optical density at 650 my 

by 70 per cent 


SIO 


S 0 00 te 


* Samples of a suspension in exchange equilibrium were added to tubes at 0° C. containing 
reagents in the proper amounts to bring the final suspension to the condition described in the 
second column. After 10 minutes these suspensions were filtered, and the fraction of the TCA- 
soluble proline that had been extracted was calculated from the radioactivity of the precipitate, 
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These studies have been conducted chiefly with proline, but the principal points 
have also been checked with methionine. These two amino acids are particularly 
suited, as they are end products rather than intermediates of amino acid synthesis 
and are not extensively degraded by the cells. Furthermore, they are not present 
in growing cells (in the adsorbed state) in any appreciable quantity unless they are 
added as supplements to the medium. Some observations have been made using 
other amino acids, including glutamic acid, alanine, valine, tyrosine, phenylalanine, 
arginine, and lysine. In all cases the adsorption can be observed and distinguished 
from incorporation into proteins by kinetic measurements of the type described 
above. In addition, mixtures of fifteen labeled amino acids have been added and 
chromatograms made of the TCA-soluble fractions of successive samples. Those 
amino acids which are normally present in appreciable quantities when the cells 
grow in the glucose-ammonia medium (glutamic acid, alanine, and valine) show 
radioactivity in the TCA-soluble fraction for some time, whereas the radioactivity 
of the others is more rapidly incorporated into the protein. 

No radioactive compounds in addition to the amino acids supplied were observed 
in the TCA-soluble fraction. These conditions would be very favorable for the 
detection of small peptides. The combination of the high specific radioactivity with 
short periods of observation forms what might be termed a ‘‘chemical microscope” 
which can focus on the newly incorporated material and ignore the much larger 
quantities of the other material already present in the cell. Neither were any 
transient intermediates found in the various fractions of the cold TCA-insoluble 
material. Accordingly, we find no evidence for peptides as intermediates of pro- 
tein synthesis. 

As shown above, the adsorption of proline and methionine is highly specific 
and requires energy. If the amino acids were converted into an “active” form, 
receiving energy from a common source before being adsorbed, it would be expected 
that an excess of other amino acids would compete for the energy source and would 
thereby interfere with the adsorption of proline and methionine. Since this does 
not occur, it seems reasonable to believe that the energy is utilized to prepare 
the site for subsequent adsorption of the amino acid. A part of the energy could 
remain in the amino acid site complex to supply energy for the synthesis of peptide 
bonds. 

The kinetic studies show that this adsorption is a necessary step in the process of 
protein synthesis. However, adsorption is not necessarily followed by peptide- 
bond formation. No peptide fragments have been observed as transient inter- 
mediates. Neither was adsorbed proline bound into a peptide linkage in a mutant 
blocked by the lack of a single amino acid. A model of protein synthesis wherein 
the peptide bonds were formed in a process like knocking down a row of dominoes 
would be consistent with these observations. 

We have not been able to determine what type of bond holds the amino acid; 
hydrogen bonding seems likely in view of the ease of extraction. Neither have we 
any indication as to what molecules provide the binding sites. Ribose nucleic acid 
is of course an attractive possibility in view of its long-known association with pro- 
tein synthesis. The quantity of RNA in these cells is roughly 500 uM of RNA 
nucleotides per gram of dry cells. Accordingly, if 5 per cent of the nucleotides 
provided binding sites for proline (proline makes up 5 mol per cent of the protein), 
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there should be 25 uM of sites available. This is more than adequate to account 
for the 3-5 uM of specific binding observed. 

The formulation of a general theory of amino acid incorporation into proteins 
on the basis of these observations with proline and methionine would not be justi- 
fied. However, any model of protein synthesis must provide a means of selectively 
locating amino acids and must provide the energy to form the peptide bonds. These 
studies of proline and methionine incorporation give an experimental demonstra- 
tion of the operation of these two important processes in the synthesis of protein. 

* Note added in proof: A report of similar studies carried out nearly simultaneously by G. N. 
Cohen and H. V. Rickenburg appears in Comptes rendus des seances de l’ Academie des sciences, 
240, 2086. 

! Various technical details such as culture media, chromatographic solvents, special chroma- 
tographic methods, and procedures for chemical fractionation of the cells are described in Roberts, 
Abelson, Cowie, Bolton, and Britten, ‘Studies of Biosynthesis in Escherichia coli,’ Carnegie Inst. 
Washington Publ., No. 607, 1955. 


VIRULENT-AVIRULENT CONVERSIONS OF RICKETTSIA RICKETTSIT 
IN VITRO* 


By James H. Gitrorp AND WINSTON H. Price 


DEPARTMENTS OF PATHOBIOLOGY, BIOCHEMISTRY, AND EPIDEMIOLOGY, JOHNS HOPKINS UNIVERSITY 
SCHOOL OF HYGIENE AND PUBLIC HEALTH, BALTIMORE, MARYLAND 


Communicated by K. F. Maxcy, July 26, 1955 


Earlier reports! ? from this laboratory have demonstrated that virulent strains of 
Rickettsia rickettsii, the etiological agent of Rocky Mountain spotted fever (RMSF), 
exist under certain conditions in an avirulent phase in its arthropod vector, Der- 
macentor andersoni. This phase is virulent for chick embryos but avirulent for 
guinea pigs and many other laboratory animals.? Previous experiments also showed 
that temperature’ * and the molting process? of the arthropod were important in 
controlling the virulence of the rickettsiae in the arthropod vector. The correla- 
tion between the virulent-to-avirulent changes and the epidemiological behavior of 
R. rickettsii has been discussed previously.? 

In this paper is reported (a) the in vitro conversion of virulent FR. rickettsii to an 
avirulent state by para-aminobenzoic acid (PABA); (b) the in vitro reactivation or 
conversion of the PABA-avirulent and arthropod-avirulent rickettsiae! to the viru- 
lent form by the addition of Coenzyme I (Col) or Coenzyme A (CoA); and (c) 
the observation that the state of virulence for guinea pigs parallels the adsorptivity 
of R. rickettsii to minced guinea pig tunica. 


RESULTS 


In Vitro Conversion of Virulent R. rickettsit to an Avirulent State by PABA.— 
In Table 1 are given the results of a typical experiment in which a 10 per cent viru- 
lent yolk sae suspension of R. rickettsii'! in sucrose-phosphate-glutamate (SPG) 
solution‘ was incubated at 25° C. for 60 hours with 5 mg/ml of PABA. Although 
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in the absence of PABA the egg infectivity of the agent was lost by the incubation, 
in the presence of PABA 4 of the 6 logs of egg infectivity survived but the material 


{ failed to produce RMSF in guinea pigs. Para-hydroxybenzoic acid (POB), Col, 
a and CoA mixed with PABA prevented this loss of virulence. POB is known‘ to 


reverse the rickettsiostatic effect of PABA. Coll could not replace Col under the 
conditions shown in Table | 


TABLE | 
Eerrect or POB, Col, aNnp CoA, on PABA-TREATED RICKETTSIAE 








Titer after Spotted Adsorption to 
60-hour Fever in Guinea Pig 
Incubation Guinea Tunica 
Sample* Addition (Mg/ml) (Egg LDso) Pigs* (Egg LDs)t 
1. Virulent phase None <10°.5 0/6 as 
2. Virulent phase 5.0 PABA 104-8 0/6 <10°-5 
3. Virulent phase 5.0 PABA + 2.0 POB 104-5 6/6 102-8 
4. Virulent phase 2.0 POB 103.6 6/6 102-8 
5. Virulent phase 5.0 PABA + 0.5 Col 104-6 6/6 102.5 
6. Virulent phase 5.0 PABA + 0.3 CoA 104-2 6/6 102-8 















* Numerator shows number of guinea pig developing spotted fever. All guinea pigs except those of sample 1 
received approximately 103” egg LDso intraperitoneally (see W. H. Price, Am. J. Hyg., 58, 248-268, 1953). All 
samples were incubated 60 hours at room temperature before being inoe ‘ulated into the animals. The initial titer 
was 10° egg LDso before incubation. 

t Guinea pig tunica was minced into approximately 1.0-mm. pieces and washed 4 times with Hanks’ solution. 
Samples weighing 0.5 gm. were put into 25-ml. Erlenmeyer flasks, and 2.0 ml. of inoculum containing the appro- 
priate rickettsial suspensions after the 6-hour incubation period were pipetted into each flask and shaken gently at 
room temperature for 90 minutes. The titer of each inoculum was approximately 104° egg LDs. After a 90- 
minute adsorption period the tissues in the various flasks were washed 4 times with 10 ml. of SPG solution. No 
rickettsiae were detected in the final wash fluid as determined by egg titration (ibid.). The various samples were 
then ground in a mortar in a total volume of 5 ml. of SPG solution, centrifuged at 800 X g for 5 minutes, and the 
supernatant fluid then titered in chick embryos (ibid.). The addition of Col to the avirulent pbase results in as 
many rickettsiae being adsorbed to guinea pig tunica as are found when fully virulent rickettsiae are studied. 
When 100 egg LDso of the virulent phase was injected intraperitoneally along with 5 mg. of PABA, the guinea pigs 
developed typical spotted fever. As a further control, 10 per cent normal yolk sac was incubated with 5 mg. of 
PABA for 60 hours. At this time 10 egg LDso of the virulent phase was added to the suspension, mixed well, and 
injected intraperitoneally. The guinea pigs developed typical spotted fever. It is clear that the avirulence of 
sample 2 cannot be due to PABA being carried over in the inoculating suspension. 





















After reactivation had taken place, the suspensions could be diluted 1,000-fold 
and still cause RMSF when injected into guinea pigs. Since these conversions in 
virulence take place in vitro and occur under conditions which are unfavorable for 
rickettsial multiplication, it would appear that more than 99 per cent of the viable 
organisms are concerned in these transformations. If as little as 3 egg LDso of the 
virulent rickettsiae are mixed with 100 egg LDs. of the PABA-treated aviru- 
lent suspensions, the injection of such suspensions into guinea pigs results in 
RMSF. 

In Vitro Reactivation or Conversion of Tick Avirulent to Virulent R. rickettsit.— 
Table 2 illustrates the results of experiments in which tick avirulent rickettsiae! 
were incubated 6 hours at 25° C. with Col or CoA. With either coenzyme the 
rickettsial agent took on the properties of the virulent phase for guinea pigs. Incu- 
bation with POB did not produce virulent rickettsiae. Experiments not shown 
here, with various preparations of Col, showed that their capacity to convert the 
avirulent to virulent rickettsiae paralleled the Col activity. 

In addition, destruction of the Col with snake venom pyrophosphatase’ also de- 
stroyed the material which changed the avirulent into the virulent form. All this 
is strong evidence that Col® is the active component in the in vitro conversion 
mechanism. This is of interest in view of the stimulatory effect of this coenzyme on 
the respiratory of R. rickettsii.’ Bovarnick and Allen® reported that Col and CoA 
increase the infectivity of the E strain of R. prowazeki for both eggs and animals 





















872 BIOCHEMISTRY: GILFORD AND PRICE Proc. N. A. 5S. 


under conditions of freezing and thawing which had destroyed its infectivity. This 
situation is different from the reactivation of R. rickettsii in that the avirulent phase 
of R. rickettsii is virulent for chick embryos. ! 


TABLE 2 


Errect or Col, CoA, AND POB on THE VIRULENCE 
OF THE Tick AVIRULENT PHASE 


Titer after Spotted Adsorption to 
6-Hour Fever in Guinea Pig 
Incubation Guinea Turica 
Sample Additions (Mg/ml) (Egg LD») Pigs* (Egg LDw)t 
1. Avirulent phase None 103.5 0/6 <10°-5 
2. Avirulent phase 0.500 Col 104-8 6/6 102-8 
3. Avirulent phase 0.300 CoA 108.7 6/6 101-6 
4. Avirulent phase 2.0 POB 104-6 0/6 <109-5 
5. Virulent phase None 103-5 6/6 102-1 
6. Virulent phase 2.0 POB 1045 6/6 102-4 
* Numerator shows number of guinea pigs injected intraperitoneally with Sa > egg I.Ds) of the various samples 
which developed spotted fever. Samples 1—6 were incubated 6 hours at 30° before being injected into the ani- 


mals. Similar results were obtained if the suspensions were diluted 100- ‘old and injected irto guinea pigs. The 
initial titer before incubation was 10° egg LDw in all samples, 50 ticks being ground in 50.0 ml. of SPG solution. 
The incubation period is necessary for the conversion of the avirule nt tick suspension to the virulent phase. If 
Col is added to the avirulent tick preparation and this suspension immediately inoculated ge FTE itd into 
guinea pigs, the rickettsiae remain avirulent and the guinea pigs develop no clinical symptons of RMS 

+The adsorption experimerts were carried out as described in Table 1. 


In Vitro Conversion with Normal Tick Extracts.—When normal (uninfected) adult 
ticks are incubated at 35° C. for 24 hours and then ground up, the suspension will 
raise the virulence of R. rickettsii under the conditions described in Table 2. This 
same is true for normal nymphs that have received a blood meal. No such activity 
can be found in ticks kept at low temperatures. Thus, from those two phases of 
D. anderson in which reactivation takes place naturally, it is possible to prepare ex- 
tracts which will duplicate the reactivation in vitro. Since the various phases of 
the tick life-cycle are under the control of one or more molting hormones, it is sug- 
gested that this probably plays a direct or indirect role in the formation of the 
active metabolites which convert the rickettsiae from one form to another, since it 
has been shown that the virulence of R. rickettsidi is decreased when a nymph of D. 
andersoni infected with a virulent strain of R. rickettsit molts to the adult stage,’ 
and this low virulent phase can be raised to a more virulent phase by the addition 
of tick extracts as described above. 

Relationship of Virulence to Adsorption.—Since the virulent strains of R. rickettsii 
grow very well in the tunica of guinea pigs, a suspension of minced guinea pig tunic: 
was used to test the adsorption of the various rickettsial preparations. The results 
are shown in Tables 1 and 2. It may be seen that the avirulent phase showed very 
low adsorption to the minced tunica and that whenever the virulence increased, as 
shown by the production of disease in guinea pigs, the adsorption to tunica suspen- 
sions increased. This suggests that the avirulence is due to failure to adsorb, and 
apparently this requires Col or CoA or perhaps other biological materials. 


CONCLUSION 


The above results suggest, first, that the changes in virulence of R. rickettsii can be 
produced in vitro and need not be due to selection, mutation (in the usual sense of 
the word), or a combination of these two factors, since they take place under con- 
ditions which are considered unfavorable for rickettsial multiplication. Further- 
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more, the results show that more than 99 per cent of the organisms are involved in 
these virulence changes. Second, the data also indicate that the organic metabolic 
compounds, Col, CoA, PABA, and POB, affect the attachment of R. rickettsii to 
guinea pig tunica, and, if the rickettsiae cannot attach, they obviously cannot infect 
a host cell. Such information might prove useful in a search for chemotherapeutic 
agents against rickettsiae and large viruses. Third, the results show that the 
virulence of an arthropod-borne microparasite can be modified by specific meta- 
bolic substance(s) formed by the arthropod and that the formation of this sub- 
stance(s) may be under the control of a hormone of the arthropod. 


* This work was supported by Contract No. Nonr-248(44) between the Office of Naval Research 
and Johns Hopkins University, under the direction of W. H. Price. 

'W.H. Price, Science, 118, 49-52, 1953. 

2, W. H. Price, in Dynamics of Virus and Rickettsial Infections, ed., Hartman, Horsfall, and 
Kidd (New York: Blakiston Co., 1954), pp. 164-183. 

5 R. R. Spencer and R. R. Parker, Hyg. Lab. Bull., 154, 1-116, 1930. 

‘M. R. Bovarnick, J. C. Miller, and J. C. Snyder, J. Bacteriol., 59, 509-522, 1950. 

5 One egg LDso of the virulent phase is approximately equal to 1 guinea pig IDs as determined 
by clinical symptoms (see W. H. Price, Am. J. Hyg., 58, 248-268, 1953). 

6 J. C. Snyder and B. D. Davis, Federation Proc., 10, 419 (1951. 

7 Pyrophosphatase was kindly supplied by Dr. G. Rafter. The Col in most experiments was 95 
per cent pure and was obtained from the Nutritional Biochemicals Corporation, Cleveland, Ohio. 
The CoA was obtained from the same firm and was 75 per cent pure. 

8 W. H. Price, Am. J. Hyg., 58, 248-268, 1953. 
°M. R. Bovarnick and EK. G. Allen, J. Gen. Physiol., 38, 169-179, 1954. 











DIRECT EVIDENCE FOR NUCLEAR SYNTHESIS OF 
CYTOPLASMIC RIBOSE NUCLEIC ACID 
By Lester GoLpsTEIN* AND WALTER PLAUTT 
DEPARTMENT OF ZOOLOGY, UNIVERSITY OF CALIFORNIA, BERKELEY 
Communicated by George Wald, July 25, 1955 

The question of the biosynthetic relationship of nuclear and cytoplasmic ri- 
bose nucleic acid (RNA) has received much attention in recent years. Interest has 
been focused on this problem by current speculation on the transmission of genetic 
specificity from desoxyribose nucleic acid (DNA) to cytoplasmic components. It 
has been suggested that RNA could serve as a receptor of a “code” from the DNA 
in the nucleus and could transmit this specificity to cytoplasmic proteins,! with the 
synthesis of which it may be associated. A general associatien of RNA with pro- 
tein synthesis has been postulated by Caspersson? and Brachet.* The more recent 
work of Gale and Folkes‘ has helped to place this postulation on a fairly firm basis. 
The experiments we shall describe were designed to test directly an earlier link in 
the chain of transmission of specificity: the synthesis of RNA in the nucleus and 
its transfer to the cytoplasm. 

Most of the evidence bearing on this question has been discussed in a recent re- 
view article by Brachet.6 This article should be consulted for references to work 
bearing on the following discussion. 

The bulk of the data which have been interpreted as favoring the hypothesis of the 
nuclear origin of cytoplasmic RNA fall into several major categories. Caspersson 
was one of the first to suggest that the accumulation of RNA in the vicinity of the 
nuclear membrane of many types of cells might indicate the nuclear origin of RNA. 
More recently, data from Mirsky’s laboratory and the work of Hogeboom and 
Schneider indicate that enzymes concerned with purine and nucleoside metabolism 
are found in the nucleus in high concentrations. Both types of evidence are cir- 
cumstantial; they indicate the possibility of nuclear synthesis of RNA but do not 
show that this is actually the case. 

Many workers have shown that radioactive precursors of RNA are incorporated 
into nuclear RNA at a higher rate, and presumably earlier, than into cytoplasmic 
RNA. Barnum, Huseby, and Vermund,® however, have taken exception to this 
interpretation of precursor experiments. Brachet’ has found that living amoebae, 
whose RNA has been depleted by ribonuclease, show the reappearance of cytochemi- 
‘ally demonstrable RNA in the nucleus prior to the cytoplasm. None of this evi- 
dence is conclusive since the methods used do not exclude the possibility that RNA 
is synthesized in the cytoplasm and is shunted into the nucleus as rapidly as it is 
formed. Moreover, even if one granted that RNA synthesis occurs in the nucleus, 
this form of evidence could not be used to establish the passage of RNA from nucleus 
to cytoplasm rather than its synthesis at different rates in nucleus and cytoplasm. 
Rabinovitch and Plaut’ have recently demonstrated the total loss of cytochemically 
demonstrable RNA from the amoeba nucleus at the time of division. Their data, 
however, are insufficient to establish critically the subsequent location of the nuclear 
RNA. 

Linet and Brachet, as well as James,’ have shown that enucleated halves of 
amoebae lose RNA at a more rapid rate than do nucleated halves. This could be 
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interpreted as evidence for the nuclear synthesis of cytoplasmic RNA or perhaps 
for the nuclear control of retention of RNA in the cytoplasm. 

The lack of uniformity in biochemical composition of RNA samples derived from 
nucleus and cytoplasm has been felt by some workers to speak against the simple 
transfer of nucleus-synthesized RNA to the cytoplasm. Again, this cannot be re- 
garded as critical evidence, since the heterogeneity is subject to alternative explana- 
tions. 

A more direct approach is necessary to demonstrate the relationship between nu- 
clear and cytoplasmic RNA, and this approach is provided, in our opinion, by the 
following experimental design. The RNA of the nucleus of a cell may be labeled 
with a radioactive tracer, and the nucleus may be transferred to a cell whose RNA 
is unlabeled. Transmission of labeled material from nucleus to cytoplasm may then 
be traced directly by autoradiographic visualization of the final distribution of the 
tracer atoms. The methods used were as follows: Amoebae (A. proteus) were 
labeled with P*? by feeding them with Tetrahymena pyriformis which had been 
cultured on a 1 per cent proteose-peptone solution with added P*2O,. Generally, 
following two to three days of feeding, the amoebae were assayed at 300—1,000 
counts per minute per amoeba (dried amoebae on plastic planchets in window- 
less Q-gas flow counter, Nuclear Instrument and Chemical Corporation Model 
D-46A), with perhaps 1—2 per cent of the radioactivity within the nucleus. Earlier 
work has indicated that essentially all the autoradiographically detectable P*? in the 
nucleus under the above labeling conditions isin RNA. That is, we found that no 
P*? was present in the nucleus following ribonuclease digestion. The fact that no 
detectable label could be ascribed to the DNA can be explained by the low concen- 
tration of DNA in the amoeba nucleus, as indicated by the faintness of the Feulgen 
reaction. 

Nuclei from P*?-labeled amoebae were transferred by micromanipulation” to 
unlabeled, enucleated, or to normal, unenucleated, amoebae. The success of the 
operation could be determined from previously established criteria. We had found 
it possible to predict accurately, from their postoperative appearance and behavior, 
which of the cells would divide in time and could therefore be considered viable. 
Only such cells were used for subsequent analysis. 

Individual amoebae were fixed at various times following the operation by flatten- 
ing the cells on a slide with a cover slip carrying a small drop of 45 per cent acetic 
acid on the underside. After removal of the cover slip and dehydration, the slides 
were coated with autoradiographic stripping film (Kodak, Ltd., London, England) 
and stored in the dark for approximately 14 days’ exposure. (See Rabinovitch 
and Plaut’ for further technical details on the processing of slides.) After photo- 
graphic development, the preparations were examined with bright-field and phase- 
contrast microscopy. 

We found that in the autoradiographs of amoebae fixed less than 5 hours after 
the nuclear transfer operation, essentially all the significant radioactivity was still 
localized within the nucleus (PI. I, Figs. 1A and 1B). Significant radioactivity de- 
notes a silver grain density in the developed autoradiographic emulsion which is 
above the low general-background grain density inherent in the emulsion. The 
very low level of activity in the cytoplasm of these amoebae should be noted; it in- 
dicates that the cytoplasm was not significantly contaminated by the transfer oper- 








876 BIOCHEMISTRY: GOLDSTEIN AND PLAUT Proc. N. A.S. 


ation. Amoebae fixed 12 or more hours after the operation showed appreciable 
activity in the cytoplasm (PI. I, Figs. 2A and 2B). It can be concluded that ma- 
terial, whatever its molecular complexity, is transferred from nucleus to cytoplasm. 

Although fifteen cases of successful transfers of nuclei to enucleated amoebae 


PLATE I 





Fig. 1A.—Photomicrograph of phase-contrast view of an amoeba with a P*-labeled nucleus 
grafted 6 minutes before fixation (X117). Fic. 18.—Photomicrograph of autoradiograph of 
same amoeba asin Fig. 1A. (X117). Fia. 2A.—Photomicrograph of phase-contrast view of an 
amoeba with a P%-labeled nucleus grafted 62 hours before fixation (117). Fie. 2B.—Photo- 
micrograph of autoradiograph of same amoeba as in Fig. 2A (X117). (Arrows indicate the lo- 
cation of the nuclei in each case. ) 


have been studied, the rate of transfer has not been estimated because the physio- 
logical state, i.e., the stage of cellular growth in the interphase of the mitotic cycle, 
of the “donor” and “‘host”’ amoebae involved in the transfers has not been con- 
trolled. We have not been able to see any consistent pattern in the change of the 
ratio of cytoplasmic to nuclear radioactivity with time. On the whole, of course, 
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this ratio increases with time elasped following the transfer. Nonetheless, we have 
observed instances in which a relatively short-time postoperative amoeba ex- 
hibited a higher ratio than an amoeba fixed considerably longer after the transfer 
operation. This circumstance suggests that the mechanism responsible for the 
transfer of the labeled nuclear material to the cytoplasm is not simple diffusion. 

Experiments with ribonuclease (0.04 per cent Worthington Biochemical Labora- 
tory ribonuclease in distilled water adjusted to pH 6.7 with NasHPO,, at 40° C. 
for 2-3 hours) have indicated that all the detectable radioactive label in nucleus 
and cytoplasm of these ‘‘renucleated” amoebae is in RNA. Amoebae treated with 
this enzyme prior to autoradiography failed to show any significant radioactivity. 
Had the label left the nucleus as P*?O, and not as part of a more complex molecule, 
we would have expected some residual cytoplasmic label after ribonuclease digestion, 
since other phosphorus-containing compounds, such as phosphoproteins, are syn- 
thesized in significant quantities in the cytoplasm™ and would not be removed 
during our processing. 

Further evidence that the radioactive label leaves the nucleus as part of an entity 
more complex than the PO, ion is furnished by observations on twelve artificially 
binucleate amoebae in which a P**-labeled nucleus had been transferred to an un- 
labeled cell already containing a nucleus. After 12-90 hours of existence as bi- 
nucleates, the cells were fixed and autoradiographed. Examination of the photo- 
graphically developed preparations showed that, whereas the labeled nucleus 
gradually lost its activity to the cytoplasm, the originally unlabeled nucleus did not 
acquire any significant amount of radioactivity (Pl. II, Figs. 3A and 3B). Of the 
twelve cells studied, only two could be regarded as possible exceptions. There 
appears, therefore, to be no transfer to the unlabeled nucleus of the labeled ma- 
terial the cytoplasm has received from the initially labeled nucleus. 

One of the essential conditions to satisfy the hypothesis of RNA mediation be- 
tween gene and cytoplasm is that the nucleus modifies the RNA that becomes 
localized in the cytoplasm. It can do this either by synthesizing RNA and supply- 
ing it to the cytoplasm or by transferring to the cytoplasm a modified RNA pre- 
cursor. The evidence presented in this report suggests strongly that this required 
relationship between nuclear and cytoplasmic RNA exists. We have shown that 
the labeled material leaves the nucleus and appears in the cytoplasm. The la- 
beled material in the nucleus initially, and in both nucleus and cytoplasm after a 
period of time, is in RNA, since all radioactivity is removed by digestion with ribo- 
nuclease. The label is therefore in RNA at both the initial and the terminal points 
of its migration. Moreover, the fact that the label demonstrated in the cytoplasmic 
RNA does not enter the second, initially unlabeled, nucleus of the binucleate cells 
leads to the conclusion that the cytoplasm does not supply RNA to the nucleus 
and that the nucleus, therefore, synthesizes its own. If such a transfer were taking 
place, the autoradiograph of the originally unlabeled nucleus in the binucleates 
should show a higher level of radioactivity than that in the cytoplasm, since cyto- 
chemical evidence shows that the concentration of RNA in the nucleus of A. pro- 
teus is substantially higher than that in the cytoplasm.’ In ten of the twelve ex- 
perimental binucleates studied there was no evidence for nuclear labeling in the 
initially unlabeled nucleus. The other two cases (e.g., Pl. I, Fig. 4) indicated the 
possibility of some label in the second nucleus. However, in view of the sharp 
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labeling contrast obtained between nucleus and cytoplasm when a labeled precursor 
is fed to amoebae (PI. II, Fig. 5), such slight labeling, if significant at all, is more 
readily explicable as the result of a partial breakdown of labeled cytoplasmic RNA 


PLATE II 








Fic. 3A.—Photomicrograph of phase-contrast view of a binucleate with one P*?-labeled nucleus 
grafted 42'/. hours before fixation (117). Fie. 3B.—Photomicrograph of autoradiograph of 
same amoeba as in Fig. 3A (X117). The grains visible over the left nucleus are attributable to 
the radioactivity in the overlying and underlying cytoplasm. Fic. 4.—Photomicrograph of 
autoradiograph of a binucleate amoeba with one P*?-labeled nucleus grafted 43'/2 hours before 
fixation (117). The dotted outline indicates the region of the originally unlabeled nucleus. 
(Phase-contrast view not presented because of insufficient contrast for photographic reproduction. ) 
Fig. 5.—Photomicrograph of autoradiograph of an unoperated amoeba which was incubated in a 
C'4-adenine solution for 12 hours prior to fixation (120). (Arrows indicate the location of the 
nuclei in each case. ) 





and the consequent availability of some labeled precursor for resynthesis by the 
nucleus. It follows, then, that the nucleus synthesizes its RNA and that, while the 
nuclear RNA label appears in cytoplasmic RNA, the transfer proceeds in that 
direction only. 
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We do not know the identity of the P**-containing entity which is supplied to 
the nucleus in the initial process of labeling. We know, however, that it is incorpo- 
rated into the nuclear RNA. Similarly, we do not know the nature of the labeled 
material leaving the nucleus, but we know that it appears in cytoplasmic RNA. 
It cannot, however, be identical with the labeled entity originally incorporated into 
nuclear RNA. Were it identical, we would expect that it would be incorporated 
into the RNA of the second nucleus of a binucleate, as it was into that of the first 
nucleus, resulting in two labeled nuclei. This is not the case. It follows, therefore, 
that the labeled entity which appears first in nuclear RNA and subsequently in 
cytoplasmic RNA is modified by the nucleus. Thus we have shown that the rela- 
tionship between nuclear and cytoplasmic RNA necessary to satisfy the hypothesis 
of RNA intermediacy between gene and cytoplasm exists: the evidence demonstrates 
that the product furnished to the cytoplasm by the nucleus, while not completely 
characterized, must be at least a nucleus-modified RNA precursor, if not RNA as 
such, 

We have not proved that the labeled material migrating from nucleus to cyto- 
plasm is the RNA as it actually existed in the nucleus, although this conclusion is 
consistent with our findings. Since we have shown that the nucleus is capable of 
synthesizing the finished RNA molecule, it appears to us most likely that it is 
RNA and not a precursor which is transferred. (These observations do not answer 
the question whether RNA as such or as ribonucleoprotein is transmitted.!?) 
Moreover, the possibility of the complete synthesis of some RNA in the cytoplasm 
is not ruled cut by our data. In point of fact, such synthesis has been suggested 
for Acetabularia by Brachet.’ It would not be surprising if the amount of cyto- 
plasmic RNA synthesis varied widely among cell types. The presence of some cyto- 


plasmic synthesis of RNA could account for the data indicating differences in purine 
and pyrimidine composition of the RNA derived, respectively, from cytoplasm and 
nucleus. These heterogeneity data, now thought by some to rule out the possi- 
bility of nuclear synthesis of cytoplasmic RNA, could then be explained on the basis 
of contributory synthesis by the cytoplasm, although alternative explanations are 


not ruled out. 

Summary.—A more direct experimental design than has heretofore been em- 
ployed has been developed to test the hypothesis of nuclear synthesis of RNA and 
its transfer to the cytoplasm. The RNA of the nucleus was labeled with radio- 
active tracer, and the nucleus was grafted into a cell whose RNA was unlabeled. 
Transmission of labeled material from nucleus to cytoplasm was then traced directly 
by autoradiography. The evidence presented shows that RNA is synthesized in 
the nucleus and that RNA, or at least a nucleus-modified precursor of RNA, is 
transmitted to the cytoplasm. 

We are indebted to Dr. Daniel Mazia for his generosity in providing the facilities 
and equipment to carry out this work and for his helpful suggestions in the prepa- 
ration of the manuscript. 

* Work performed during the tenure of a postdoctoral fellowship of the National Cancer Insti- 
tute, United States Public Health Service. Present address: Cancer Research Institute, Uni- 
versity of California Medical Center, San Francisco, California. 

+ Supported by University of California Cancer Research Funds and by grants from the Ameri- 
can Cancer Society, recommended by the Committee on Growth, National Research Council, 
to Dr. Daniel Mazia. 
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INTRODUCTION 


The problem of sulfate activation is somewhat unusual in so far as it represents 
an ATP-linked activation of an inorganic compound other than phosphate. DeMeio 
et al.! and Bernstein and McGilvery? showed that the over-all reaction is ATP- 
linked. Furthermore, a preliminary separation into two fractions has been re- 
ported.* In view of certain similarities to the carboxyl activation, we have re- 
cently turned our attention to this unusual reaction and will report here experiments 
which are still somewhat preliminary but have already led to a tentative identifica- 
tion of the active sulfate intermediary as an adeny] sulfate. 

Lamb liver was found to be a rather good source of the over-all transfer reaction 
to nitrophenol. The sulfate activation could, furthermore, be studied with 
Neurospora extracts, which were found to contain a strong sulfate-activation system 
but no transfer enzyme to nitrophenol. 


ENZYME PREPARATIONS 


Test System for Nitrophenyl Sulfate Synthesis—Assay mixture: 50 »M imidazole- 
HCl buffer, pH 7.0; 6.25 uM MgCl; 0.50 uM nitrophenol; 5 uM cysteine; 5 uM 
K,ATP; 5-10 uM K:S0O,; and enzyme solution in a final volume of 0.50 ml. or the 
doubled amounts in 1.0 ml. 

After incubation at 38° for 60 minutes, the reaction is stopped by the addition of ‘ 
2 ml. of alcohol, and the mixture is freed of the precipitated protein by centrifuga- i 
tion. To 2.5 ml. of 0.1 N KOH is added 0.50 ml. of the supernatant, and, after ; 
mixing, the extinction is measured at 420 uM in the Klett-Summerson photometer 
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and compared with a blank without incubation. Within the range of 10-100 muM 
of nitrophenol, the extinction-concentration curve of the nitrophenol anion is 
practically linear. 

For actual determination of nitrophenyl sulfate, an aliquot of a trichloro- 
acetic acid filtrate is heated for 10 minutes at 100° in normal HCl. After 
neutralization and the addition of aleohol and KOH, the extinction of the hydroly- 
zate is compared with that of the untreated sample. The difference represents 
nitropheny! sulfate formation. Generally, only the disappearance of nitrophenol 
anion needed to be measured. It was found that the values after hydrolysis corre- 
sponded closely to blanks before incubation. This indicates that under the con- 
ditions of the test no metabolism of nitrophenol occurred other than sulfurylation. 

Lamb Liver Preparation.—Three fresh lamb livers were chilled and minced with a 
meat grinder. One thousand grams of liver mince were suspended in 3 liters of a 
solution containing 255 gm. of sucrose and 25 gm. of KHCO;. Suitable portions of 
this suspension were disintegrated with a Waring Blendor for 20 seconds, and the 
homogenate spun for 15 minutes at 1,600 rpm. The supernatant containing mito- 
chondria and microsomes was poured through cheese cloth, and one-tenth of its 
volume of 1.5 M KCl was added under vigorous stirring. The mitochondria now 
were spun off at 5,000 rpm for 1 hour. To obtain clear and more active prepara- 
tions, the still cloudy supernatant was recentrifuged for 1 hour at 30,000 rpm 
(Spinco). A suitable acetone powder of this supernate fraction may be prepared in 
the usual manner, without loss of activity. 

Ammonium Sulfate Fractionation of Liver Supernate-—To 350 ml. of the clear liver 
supernatant are added 110 gm. of ammonium sulfate recrystallized from versene 
solution (cf. Beisenherz et al.‘), and the solution is centrifuged after 1 hour. The 
precipitate is dissolved in 15 ml. of water. This preparation, LS 50, is relatively 
stable when kept frozen. 

Separation of the Lamb Liver System into Two Complementary Fractions by Alumina 
Gel Treatment.—Two hundred and fifty milliliters of clear lamb liver supernatant 
plus 100 ml. of alumina Cy gel are stirred for 30 minutes and then centrifuged at 
3,000 rpm for 20 minutes. This solution is referred to as “gel supernatant” (10 mg. 
of protein per milliliter). It contains the sulfate-activating enzyme. 

Elution of the Gel.—The gel was extracted with 500 ml. of 0.20 saturated am- 
monium sulfate solution, pH 7.2. To the extract a solution of 4 M (= saturated) 
ammonium sulfate, pH 7, containing 0.002 VM versene was added to a final saturation 
of 0.525, and the precipitate was collected and dissolved in 0.02 M tris buffer, pH 7.0, 
referred to as “EAS 52.5” (36 mg. of protein per milliliter). 

Ninety milliliters of this solution were diluted with an equal volume of cold water 
and refractionated between 0.20 and 0.35 saturation of ammonium sulfate. The 
precipitate was dissolved in 20 ml. of tris buffer, pH 7.0, and yielded a brownish- 
green solution referred to as “EAS IT 35” (90 mg. of protein per milliliter). 

An additional refractionation of this fraction did not increase the specific activity 
but removed some ATP-ase: 20 ml. of EAS II 35 were diluted with 80 ml. of cold 
water, and the fraction between 0.30 and 0.40 saturation was collected and dissolved 
in 10 ml. of water. This is referred to as “EAS III 40” and contained 45 mg. of 
protein per milliliter. These eluate fractions contain the transfer enzyme from 
“active” sulfate to nitrophenol. 
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Removal of Sulfate from Enzyme Solutions.—To free the ammonium sulfate frac- 
tions of sulfate, they were dialyzed for 2 hours against an 0.01 M tris buffer, pH 7.4 
which removed a large amount of the sulfate without great loss in activity. To re- 
move residual sulfate, the preparation was then treated twice with Dowex-1 acetate. 
It was found necessary to suspend the resin in a little water or buffer and to evacuate 
before application to the enzyme solution, thus preventing the formation of air 
bubbles, which caused a partial inactivation of the enzyme. Approximately 100 mg. 
of semidry Dowex-1 were used for 1 ml. of enzyme solution. 

The precipitation of sulfate by the addition of barium acetate at pH 6 resulted in 
a greater loss of activity. In order to obtain sulfate-free enzyme preparations, at- 
tempts were made to purify the system by means other than ammonium sulfate 
precipitation. Such attempts, however, have failed so far since alcohol or acetone 
fractionation and acid precipitation caused considerable inactivation. 

Enzyme solutions freed of sulfate showed increased sensitivity toward fluoride. 
These preparations were inhibited by 7/20 fluoride to 80-100 per cent, whereas the 
nontreated fractions were only inhibited to 40-50 per cent by the same concentra- 
tion. 


PREPARATION OF NEUROSPORA EXTRACTS 


Growth Medium.—Ten grams of Bactopeptone, 40 gm. of sucrose, and 0.10 ml. of 
saturated ammonium sulfate solution were dissolved in 1 liter of distilled water, 
sterilized, and inoculated with Neurospora sitophila, American Type Culture Collec- 
tion No. 9278. With adequate aeration, good growth is obtained at 35°. The 
mycelium was harvested after 24-36 hours by filtering through three layers of 
cheesecloth. 


Extraction of Neurospora Paste-—Two hundred and fifty grams of semidry Neuro- 
spora mycelial cells were ground with 100 gm. of alumina and 500 ml. of 0.02 M tris 
buffer, pH 7.5, and the mixture was sonorated for 15 minutes in a 10-ke. Raytheon 
oscillator and centrifuged on a Servall centrifuge. The turbid supernatant, 3 mg. 
of protein per milliliter, was frozen. This extract was freeze-dried and the residue 
taken up in 0.02 M tris buffer, pH 7.0. The residue of 100 ml. of extract was 
dissolved in 10 ml. of buffer. 


MATERIALS AND METHODS 


The compounds used were as follows: 

p-Nitrophenol: The commercial product (Eastman Kodak) was purified by sub- 
limation under reduced pressure. 

p-Nitropheny! sulfate: The substance was synthesized from chlorosulfonic acid 
and p-nitrophenol as described by Burkhardt and Wood. Solutions of the com- 
pound are stable when kept at 0° and at slightly alkaline pH.® 

ATP: The crystalline product of the Pabst Laboratories (Milwaukee, Wisconsin) 
was used in most cases after neutralization with KOH or KHCOs;. 

PEP: The barium silver salt was converted into the potassium salt by removing 
the silver with HCl and the barium with Dowex-50 in free acid form in the cold. 
The Dowex-treated solution was neutralized with potassium hydroxide. 

AMP, ADP, TIP, and GDP are commercial products from the Pabst Laboratories. 

For a preparation of hexokinase and one of pyruvokinase we are indebted to Dr. 
John Gregory. 
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PYROPHOSPHATE DETERMINATION WITH PYROPHOSPHATASE 


An aliquot of a trichloroacetic acid filtrate, e.g., 0.1 ml., was taken, to which were 
added 0.30 ml. of 1 M tris buffer, pH 7.5; 0.025 ml. of 0.25 M MgCl; 0.55 ml. of 
H.O; 0.25 ml. of a solution of 6-times-recrystallized pyrophosphatase® kindly sup- 
plied to us by Dr. M. Kunitz, containing 8 ug/ml. A blank was run without pyro- 
phophatase. The protein content of the pyrophosphatase solution may be neg- 
lected and phosphate determined without deproteinization. 





PAPER ELECTROPHORESIS 





The apparatus described by Markham and Smith’ was used with minor altera- 
tions, and for the separation of the nucleotides the procedure described by Berg and 
Joklik® was applied. 







EXPERIMENTAL RESULTS 





Some Characteristics of the System.—In confirmation of earlier work by other 
workers,® the presence of an active SH-function in the enzyme system is indicated 
by the increase of activity with cysteine, as shown in Table 1, and by the inhibition 
with mersalyl, o0-[(3-hydroxymercuri-2-methoxypropy])carbamy] |phenoxyacetic 











TABLE 1* 









EFFECT OF VARIOUS COMPOUNDS ON THE SYNTHESIS 
OF NITROPHENYL SULFATE 
muM NPS muM NSP 
Additions Formed Additions Formed 
None 172° 0.05 M Na,SO; 180 
0.01 M eysteine 220 0.01 M NaSeO, 0 
0.001 M mersaly! 10 






* The complete system contained 100 uM tris buffer, pH 7.1; 12.5 4M MgCl; 10 ~™M K2SO;4; 10 uM erystalline 
ATP; 1 4M nitrophenol; and purified liver enzyme (LS 50) (4.7 mg. protein) in l-ml. volume. Incubated at 38° 
for 1 hour. 











acid), which can be reversed by cysteine. It was found that mersaly]! inhibits both 
the sulfate-activation and the transfer reaction. No effect of sulfite was observed ; 
however, selenate is very inhibitory, and this inhibition is not reversed by excess of 
sulfate. In Table 2 the requirement for divalent ions is shown. Magnesium is most 
active, but manganese also shows a fair activity. Versene, on the other hand, in- 
hibits at higher concentrations. 



















TABLE 2* 
MAGNESIUM OR MANGANESE REQUIREMENT 










muM NPS muM NPS 
Metal Ion Versene Formed Metal Ion Versene Formed 
None None 43 Mg**, 0.0125 M 0.002 M 564 
| Mn*+, 0.02 M None 420 Mg**, 0.0125 M 0.04 M 64 
f Mg**, 0.0125 M None 680 
* The complete system contained 100 uM imidazole-HCI buffer, pH 7.0; 10 uM KsATP; 10 uM K2SO4; 10 uM 
cysteine; 1 4M nitrophenol; 6 mg. protein, fraction LS 50 in 1 ml. final volume. Ineubated at 38° for 1 hour. 





PRELIMINARY IDENTIFICATION OF THE LIVER FRACTIONS 

Indications for the separability of the sulfate-activation and sulfate-transfer 
reaction had been observed previously.’ * Bernstein and MeGilvery showed an 
accumulation of “active’’ sulfate on preincubation of ATP with sulfate. As de- 
scribed above in the section on liver preparations, a separation of the liver system 
into two enzymes was obtained by adsorption on alumina gel. The gel adsorbs 
mainly the sulfate-transferring enzyme (cf. experiments with radioactive sulfate), 
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which is eluted by stirring with dilute ammonium sulfate solution. As shown in 
Table 3, after gel absorption the supernate fraction does not form any nitrophenyl 


TABLE 3* 


MULTIPLE-ENZYME REQUIREMENT FOR NITROPHENYL 
SULFATE SyNTHESIS (LAMB LIvER) 


muM NPS muM NPS 
Additions Formed Additions Formed 


Fraction I, gel supernate 0 Fraction I + Fraction II 340 
Fraction II, gel eluate, EAS 52.5 182 Fraction I boiled + Fraction II 176 
* The complete system contained 100 uM imidazole buffer, pH 7.0; 12.5 uM MgCl; 10 uhM K2SQ,4; 10 uM 


crystalline ATP; 1 «M nitrophenol; 5 wM cysteine; and purified liver fractions (Fraction I: 1 mg. protein; 
Fraction II: 3.6 mg. protein) in l-ml. volume. Incubated at 38° for 1 hour. 


sulfate. The gel eluate alone forms some nitropheny! sulfate, the formation of 
which is, however, nearly doubled on addition of the supernate fraction. This 
effect is Jost on boiling. 


THE SULFATE-ACTIVATING EFFECT OF NEUROSPORA EXTRACT 


The liver fractionation has shown a separation into two fractions; the identifica- 
tion of these fractions was simplified by use of extracts from Neurospora. It was 
found that Neurospora extracts did not catalyze the esterification of nitrophenol. 
In conjunction with experiments with radioactive sulfate, the presence of a sulfate- 
activating enzyme in these extracts appears, however, on combination with the 
transferring enzyme from liver. As shown in Table 4, the Neurospora extracts pre- 


TABLE 4* 


REPLACEMENT OF LIVER-ACTIVATING FRACTION 
BY Neurospora EXTRACT 
Mg. 
Neurospora Mg. Neurospora 
Protein Liver muM NPS Protein Liver muM NPS 
Added Fractions Formed Added Fractions Formed 


0 II 60 2.5 boiled II 63 
1 II 304 I 0 
5 II 422 None 0 
10 II 254 
* The complete system contained 100 uM imidazole-HCl buffer, pH 7.0; 12.5 uM MgCh; 10 uM K2SO,; 10 
uM crystalline ATP; 1 uM nitrophenol; 5 uM cysteine; and protein. Fraction I: 1 mg. of protein of gel super- 


natant; Fraction II: 4 mg. of transferring enzyme preparation, obtained by refractionation of LS 50 between 30 
and 35 per cent saturation of ammonium sulfate. Incubated at 38° for 1 hour. 


pared in the manner described above are inactive by themselves but become very 
active for nitrophenol sulfurylation if combined with liver Fraction II, which thus 
contains the transfer enzyme. On the other hand, this identifies the gel supernate 
Fraction I (ef. Table 3) with the sulfate-activating enzyme. It should be noted 
that with the intermediate concentration of Neurospora extracts, the yield of nitro- 
pheny] sulfate is highest. This is probably due, at least in part, to the presence of 
an enzyme in Neurospora extract which decomposes the product of the ATP-sulfate 
reaction. A further characterization of the sulfate-activating enzyme was obtained 
by the use of radioactive sulfate and will be discussed below. 

Phosphate Balance.—For the eventual identification of the mechanism of sulfate 
activation, it was most important to find out in what manner ATP reacted with the 
sulfate. In Table 5 the effect of sulfate, and of sulfate plus nitrophenol, on the 
phosphate balance is shown with various enzyme preparations. For this purpose 
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TABLE 5* 
PHOSPHATE BALANCE IN THE ABSENCE OF FLUORIDE 


Enzyme uM P; uM NPS 
Fraction Additions Formed A uM P; Formed 


{None 2.08 a 
AS III 40 ; Sulfate 2.36 0.28 
(Sulfate + nitrophenol 2.73 0.64 
{None 3.82 r. 
AS IT 35 {Sulfate 4.44 0.42 
(Sulfate + nitrophenol 4.79 0.97 


{None 11.68 % 
LS 50 {Sulfate 12.96 1.28 2 
Sulfate + nitrophenol 13.46 1.80 0.60 
* The complete system contained 100 uM imidazole-HCl buffer, pH 7.0 (in the third experiment, pH 6.7); 12.5 
uM MgCh; 10 uM eysteine; 10 uM crystalline ATP; 10 uM K2SO, when indicated; 1.0 p-nitrophenol; and 
enzyme (AS III 40, 6 mg.; AS II 35, 10 mg.; LS 50, 15 mg. protein) in a final volume of 1 ml. Incubated at 38° 


for 1 hour. All enzyme fractions were freed from sulfate by Dowex treatment as described. Phosphate deter- 
mination according to C, H. Fiske and Y. Subbarow, J. Biol. Chem., 66 375, 1925. 


the enzyme was freed of sulfate by Dowex treatment, as described above. Unfor- 
tunately, the removal of sulfate makes these preparations particularly sensitive to 
fluoride. Therefore, fluoride could not be used here for an inhibition of the pyro- 
phosphatase activity present in these preparations, and pyrophosphate could not be 
detected as such but would be split to inorganic phosphate. It was disturbing, 
furthermore, that a considerable background of inorganic phsophate appeared in 
the blanks. The data in Table 5 nevertheless, show quite clearly that sulfate addi- 
tion alone increases phosphate liberation, and the further addition of nitrophenol 
gives further stimulation of phosphate liberation from ATP. A comparison be- 
tween nitrophenyl sulfate formed and phosphate liberated above the blank shows 
that twice as much phosphate as nitropheny] sulfate is formed. In view of the 


presence of active pyrophosphatase, these data indicate that pyrophosphate and 
not phosphate may be the initial product of the ATP-sulfate reaction. 

The formation of pyrophosphate is further substantiated by experiments carried 
out with the addition of fluoride to preserve the pyrophosphate (cf. Jones et al.'*). 
In this case sulfate was not removed, and therefore the effect of sulfate alone does 
not appear distinctly. As shown in Table 6, the incubation of this preparation with 


TABLE 6* 
PYROPHOSPHATE FORMATION 


uM P; 
after 
Pyro- 
Enzyme uM P; phos- uM PP uM 
Fraction Additions Formed phatase (P;/2) NPS 
LS 50 (12 mg. protein) {Sulfate 5 70 6.39 0.35 y 
Sulfate + nitrophenol 5.56 6.98 0.71 0.28 
{Sulphate 0.91 1.55 0.32; 0.33T a 
AS III 40 (15 mg. protein) \Sulfate + nitrophenol 1.02 1.96 0.47;0.46¢ 0.40 
* The complete system contained 100 uM imidazole-HCl buffer, pH 7.0; 10 uM ATP; 10 uM K2SO«; 12.5 
uM MgCh; 10 uM cysteine; 1 uM p-nitrophenol when indicated; 50 4M KF; and protein as indicated, in a final 
volume of 1 ml. Incubation was at 38° for 1 hour. 


+ Pyrophosphate figures obtained colorimetrically (see R. M. Flynn, M. E. Jones, and F. Lipmann, J. Biol. 
Chem., 211 791, 1954). 


ATP alone leads now to liberation of pyrophosphate, the amount of which increased 
on the addition of nitrophenol. A comparison between the amounts of nitro- 
pheny!] sulfate formed and of pyrophosphate liberated is somewhat difficult in view 
of the fact that the pyrophosphate formed in the absence of nitrophenol cannot be 
surely identified with the ATP-sulfate reaction because blanks in the absence of sul- 
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fate were not feasible. There is, nevertheless, proportionality between pyrophos- 
phate formation and nitrophenol esterification. In conjunction with the 2:1 ratio 
for phosphate liberated to nitrophenyl sulfate formed, shown in Table 5, and the 
effect of sulfate in the sulfate-free system in the absence of fluoride, it seems justifi- 
able to assume that much of the pyrophosphate formed in the absence of nitro- 
phenol is due to the ATP-sulfate reaction, in which case the data would indicate 
equivalence between pyrophosphate and nitrophenyl sulfate formation. We con- 
sider these results a strong indication that the initial reaction follows the equation 
ATP + sulfate = AMP-sulfate + pyrophosphate. Further support for such a 
mechanism will appear from experiments with radioactive sulfate. 

As shown in Table 7, the addition of other nucleotide polyphosphates did not 
cause any increase above the effect of crystalline ATP, which appears to be free 
of other than adenine polyphosphates. It is therefore assumed that the ATP-sul- 
fate reaction in liver is truly ATP-linked. The same appears to hold for the 
Neurospora system. 


TABLE 7* 


Errect oF VARIOUS NUCLEOTIDIC POLYPHOSPHATES 


uM Nucleotides muM NPS uM Nucleotides muM NPS 
uM ATP Added Formed uM ATP Added Formed 


9 None 166 9 1.25 ITP 144 
9 0.50 GDP 160 9 1.25 UTP 200 
9 0.50 CTP 130 10 None 190 


* The complete system contained 100 uM imidazole-HCl buffer, pH 7.0; 10 «6M KeSOy; 12.5 MgCle; 1 uM nitro- 
phenol; 3 mg. protein (liver supernatant); and nucleotides as indicated. Incubation was at 38° for 1 hour. 


EXPERIMENTS WITH RADIOACTIVE SULFATE 


If the sulfate-activating enzymes of either liver or Neurospora are incubated with 
ATP and radioactive sulfate, and the trichloroacetic acid extracts are submitted to 
paper electrophoresis, a substance containing radioactive sulfate appears somewhat 
above the ATP level and considerably below the spot corresponding to inorganic 
sulfate. The radioautographic tracings overlap with ultraviolet absorption as 
traced by Mineralite. Such tracings are shown in Figure 1; fluoride does not, but 
mersalyl does, strongly inhibit the sulfate-activation reaction. In this experiment 
Neurospora extract was used. A further confirmation that the sulfate radioactivity 
coincides with a compound originating from ATP is shown by an experiment in 
which carbon-labeled ATP and radioactive sulfate were used in parallel. As shown 
in Figure 2, the carbon radioactivity coincides in shape and height closely with the 
sulfur radioactivity. The deeper shading in the sulfate tracing is due to a greater 
activity of the sulfate used compared with the carbon label in ATP. 

The identity of this substance with the “active” sulfate was confirmed in the ex- 
periment shown in Figure 3. Here Neurospora extract was first incubated in the 
usual manner with ATP and radioactive sulfate; after incubation the enzyme 
was inactivated by heating (sample 1), and the sulfate-transfer enzyme from liver, 
together with nitrophenol, was now added to the heated sample and reincubated 
(sample 2). Both samples were then deproteinized and submitted to paper electro- 
phoresis, and the chromatogram eventually radioautographed. The tracing in 
Figure 3 shows that after incubation of ATP + Neurospora enzyme, radioactivity 
and ultraviolet absorption appear as in Figures 1 and 2, above the ATP mark, 





EFFECT OF FLUORIDE AND MERSALYL ON THE SULFATE 
ACTIVATING ENZYME 
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oe X-S 0 0 
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eon | sot (QO Q! 
Whee wooo © W726 W71000 
F* Mersalyl F’ Mersaly! 
RADIOACTIVITY UV- ABSORPTION 

Fie. 1—50 uM tris buffer, pH 8.4; 6 uM 
MgCh; 4uM ATP; 54M PEP; 4uM K.S*O, 
(specific activity 50 MC per gm.); 6 uM cys- 
teine; and 5 mg. lyophilized Neurospora pro- 
tein in 0.5 ml. were incubated at 38° for 2!/2 
hours. 

Without deproteinization, 0.02 ml. of each 
sample were applied on Whatman No. 3 paper 
soaked with 0.1 M citrate buffer, pH 5.5, and 
subjected to electrophoresis at 200 V for 12 
hours. It should be noted that radioactivity 
and ultraviolet absorption coincide. Radioac- 
tivity from radioautograph indicated by shaded 
areas; ultraviolet absorption, traced with 
Mineralite, indicated by empty areas. 


THE DETECTION OF A SULFATE-CONTAINING 
INTERMEDIATE IN NITROPHENYL SULFATE SYNTHESIS 
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ake sill ee A STANOARO SOLUTIONS Fig. 2.—Coincidence. of carbon label from 
ATP + S04"! | eecoee amg ATP, and S* label from sulfate, after enzy- 
(EXP. I TRANSFERING ENZ +NP matic condensation. No. 1: LS 50 incubated 


eae on a ta. With C-labeled ATP (Schwarz) + sulfate; 
Fig. 3.—0.5 ml. containing 50 «M imidazole No. 2: LS 50 incubated with S*-sulfate + 


‘ me Ty Pay . ar r be ; 

HC buffer, pH 7.0; 6 uM Me( le; 5 uM ATP; ATP; No. 3: ultraviolet tracings of check 
5 uM K2S*®O,; 5 uM cysteine; and | mg. lyo- sxture of ATP. ADP. and AMP electr 
philized Neurospora extract. Incubated for 40 we mea ° he Ve eee HS beopony 
minutes at 38°. The reaction was then stopped  P#OTes!s with 0.08 M citrate of pH 5.8, as usual. 
by immersion in a boiling water bath for 1 

minute. After cooling in ice, 1.5 mg. of protein of the fraction containing the purified trans- 
ferring enzyme and 2.5 4M nitrophenol were added to sample 2 and a corresponding amount of 
water to sample 1; both were incubated for another 40 minutes, and the reaction stopped by 
adding an equal volume of ice-cold 5 per cent TCA. 

Electrophoresis: 0.025 ml. of the TCA filtrate of each sample, and standard solutions of NPS 
and the three adenyl phosphates, are put on a Whatman No. 3 paper strip soaked with 0.1 M 
citrate buffer, pH 5.5, and subjected to electrophoresis at 200 V for 12 hrs. Adenine compounds 
and NPS were localized by ultraviolet absorption. Radioactivity is indicated by shaded areas. 
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corresponding, presumably, to AMP-sulfate. On incubation with the transferring 
enzyme, the sulfate carrier disappears, to give rise to a radioactive spot identical 
with a control spot obtained with synthetic nitropheny! sulfate. 

The identity of the “active” sulfate obtained by incubation of Neurospora ex- 
tracts and of liver extracts, respectively, with ATP and radioactive sulfate is shown 
in Figure 4. Figure 5 shows the dependence of the formation of the active sulfate 
with Neurospora enzyme on pH, indicating an optimum at pH 8. Furthermore, the 
appearance of another sulfur-containing material, slightly below the height of ADP, 
may be noted, particularly at pH 8.4. This unidentified sulfur-containing sub- 
stance has been frequently observed with Neurospora as well as with liver prepara- 
tions. 

Stability of Intermediary.—The data represented in Figure 3 show that the inter- 
mediary may be heated briefly at neutral reaction and that it withstands a short ex- 
posure to ice-cold trichloroacetic acid. The fact that the heated material was 
used for sulfate transfer to nitrophenol made it appear hopeful that the intermediary 
would be obtained by elution from paper after electrophoresis on a somewhat larger 
scale. Attempts of this type were carried out, and a material was obtained which 
had a single peak at 258-260 mu. In one case, in an experiment with liver enzyme, 
the radioactive sulfate was removed rapidly and with cooling directly from the tri- 
chloroacetic acid filtrate by precipitation with barium acetate, and the precipitate 
was washed once with cold dilute HCl. The combined filtrate and washing were 
brought to pH 8, and the formed precipiate was centrifuged off after 30 minutes at 
0°. The precipitate was then suspended in a small volume of water and shaken 
with enough acid Dowex-50 to dissolve it. The solution was electrophorized, and 
the radioactive ultraviolet-absorbing zone corresponding to the intermediary was 
cut out, eluted with water at 10°, and concentrated to 1 ml. by freeze-drying. 
Two-tenths of a milliliter of this solution were tested with liver enzyme for sulfate 
transfer to nitrophenol and gave 20 muM nitrophenol disappearance, an amount 
somewhat dangerously close to the limits of the method. For further identification, 
the remainder of the sample was again precipitated as barium salt at pH 8, with the 
addition of two volumes of alcohol to eliminate ultraviolet-absorbing contaminants, 
and the precipitate was dissolved in 1 ml. of 0.10 M versene solution. In this milli- 
liter of solution, 106 muM of adenine were found by ultraviolet absorption, and 103 
myuM of sulfate were determined from the isotope content. Reliable phosphate 
analysis was not possible because in this system the intermediary runs too close to 
inorganic phosphate. Assuming a complete recovery, the enzymatically transfer- 
able sulfate as determined with the initial 0.2 ml. amounts to 75 per cent of the 
total sulfate. 

In another attempt to elute the intermediary again, equimolar amounts of 
adenine and sulfate were extracted, but this compound had been largely inactivated 
in the process, yielding only 15 per cent of the expected “active” sulfate on enzy- 
matic reaction with nitrophenol. 


CONCLUSION 


There are thus various aspects of these experiments which make us still somewhat 
hesitant to accept them as definite proof for the structure of the active sulfate as an 
adenyl-P-sulfate—in particular, the small size of the samples obtained and the in- 
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; ; ; Fig. 5.—Formation of active S®-sulfate in 
Fic. 4.—Identity of sulfate intermediary Neurospora extract. Radioautogram of elec- 









formed from ATP + sulfate in Neurospora and trophorized incubate. Complete system: 50 
liver extract. Complete system: 504M buffer ,4M buffer; 6 uM MgCh; 6 uM cysteine; 4 
as indicated; 6 »M MgCh; 6 uM cysteine; ,MATP; 5uM PEP; crystalline pyruvokinase 
| 4uM ATP; 4uMS8*-sulfate (50 MC pergram) (0.1 ml.); and 44M K:S*0, of specific activity 
in 0.5 ml. Incubation for 2 hours at 38°. 50 MC per gram in 0.5 ml. Incubated 2'/2 









hours at 37°. 






| No. 1: lyophilized Neurospora enzyme, 2 mg. 
Hi, in tris buffer, pH 7.5; No.2: lyophilized Neuro- 
spora enzyme, 2 mg. in tris buffer, pH 8.0; No. 
3: lyophilized Neurospora enzyme, 2 mg. in 
tris buffer, pH 8.4: No. 4: ultraviolet trac- 
ings of electrophorized mixture of ATP, ADP, 
and AMP. Electrophoresis with 0.025 ml. of 
each reaction mixture without deproteinization, 
2 hours at 1,500 V. Exposure on film: 3 days. 
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ability to analyze reliably for phosphate and for enzymatic sulfate transfer. Never- 
theless, the present evidence points toward adeny]-P-sulfate and invites a tentative 
formulation of the sulfate activation with ATP as a pyrophosphate elimination 
reaction, similar to the ATP-acetate reaction: 


O O O 


; t T Tt 
Adenosine—O—P—O—P—O—P—O- + SO. > 
| | | 
= OT O- 
O O O 


T t f 
Adenosine—O—P—O~SO;- + -O—P—O~P—O- 


| | 
O- - 


Although this specific formulation is still tentative, the data obtained with the 
enzymatic sulfate-activation system make the conclusion practically inescapable 
that the ‘‘active” sulfate corresponds to a mixed anhydride between sulfate and 
phosphate, the phosphate being most likely linked to adenosine. In spite of some 
search in the literature, we have not been able to find any data on the nature or 
stability of the mixed anhydride between phosphoric and sulfuric acid. A study of 
this obviously relatively stable anhydride of physiological importance would be very 
timely, to shed some further light on the nature and properties of such a compound. 


* This investigation was supported in part by a research grant from the National Cancer In- 
stitute, National Institutes of Health, United States Public Health Service, and the Life Insur- 
ance Medical Research Fund. 

The following abbreviations are used in this paper: AMP, adenosine-5’-phosphate; ADP, 
adenosine diphosphate; ATP, adenosine triphosphate; NPS, p-nitrophenyl] sulfate; tris, tris- 
(hydroxymethyl )aminomethane; PEP, phospho-enol pyruvate; P;, inorganic phosphate; PP, 
pyrophosphate; ITP, inosine triphosphate; UTP, uridine triphosphate; and GDP, guanosine 
diphosphate. 

+ Present address: Institut fiir Zell Chemie, Kraepelinstrasse 2, Munich 23, Germany. 
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The requirement of Lactobacillus casei and Lactobacillus arabinosus for purine 
bases is increased when these organisms are grown in the absence of histidine. 
These and related observations were interpreted to mean that purine bases serve 
as precursors of histidine for these organisms.' Recent studies by Levy and Coon?:* 
have established that in yeast the imidazole ring of purine bases does not appear 
in histidine and that formate is an excellent source of the amidine carbon (position 
2) of the imidazole ring of histidine. They suggested that purine bases might serve 
primarily as donors of formate in the synthesis of histidine by lactic acid bacteria. 

We have now compared the incorporation of variously labeled guanine-C' and 
of formate-C' into histidine under various conditions. The results obtained show 
that in lactic acid bacteria, as in yeast, the imidazole ring of purine bases does not 
serve as precursor for that of histidine. However, carbon 2 of guanine serves 
efficiently as a precursor of position 2 of the imidazole ring of histidine and enters 
this position readily under conditions of folic acid deficiency that prevent incor- 
poration of formate-C'*. 






















EXPERIMENTAL 
Materials.—Guanine-4-C'™ and guanine-8-C!* were purchased from the Isotope 
Specialties Company, Glendale, California. (Guanine-2-C'* was generously sup- 
plied by Dr. G. B. Brown. Formate-C'™ was a gift from Dr. H. Tabor. 

Culture Methods.—The basal medium used! for L. caset (A.T.C.C. 7469) was 
modified by omitting citrate, adenine, guanine, folic acid, thymine, and histidine 
and reducing the concentrations of MgSO, - 7H:O and MnSQ, - H2O to 40 and 2 mg., 
respectively, per 100 ml. of double-strength medium. Additions made to this 
medium are indicated in Tables 1 and 2. 

















TABLE 1* 


INCORPORATION OF LABELED GUANINE INTO HISTIDINE 

























Fourie Acip -——Iso_atep HistaMINE— 
CoMPOUNDS C.P.M. PER (PRESENCE OR C.P.M. per 
ADMINISTERED MIcrROoMOLE ABSENCE) Micromole RSAT 
Guanine-2-C'!4 142,350 — 55,800 39.1 
63, 100 44.2 
— 54,000 37.8 
65,600 46.0 
Guanine-4-C!4 183,770 — 119 0.07 
T 119 0.07 
Guanine-8-C'! 178,940 — 5,380 3.0 
! 5,800 3.2 
Si a 254 0.14 
128 0.07 
* Each 100 ml. of basal medium was supplemented with 5 mg. (33 uM) of guanine-C'4, 1 mg. 









of thymine, and, when so indicated, 116 mug. of folic acid. Lactobacillus casei was grown for 
48 hours at 37° in 150 ml. of the folic acid—deficient medium or in 50 ml. of the folie acid—supple- 






mented medium. | The average yield of dried cells was 10 mg. : 
t Specific activity of isolated compound/specific activity of administered compound X 100. | 
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Lactobacillus casei was adapted to grow in the histidine-free medium by serial 
passage through this medium supplemented with 1.0 myg. of folic acid and with 
2.0, 0.5, 0.1, and 0 yg. of L-histidine per milliliter, respectively, in the first to fourvh 
transfers. Inocula for the experiments were grown in basal medium supplemented 
with 0.1 yg. of folic acid per 100 ml. 


TABLE 2* 
INCORPORATION OF FoRMATE-C" INTO HISTIDINE 


-————-IsoLatep HisTaAMINE- 


rm rnin Saar ET as C.P.M. per 

Folie Acid Guanine Thymine Micromole RSA 
+ si ae 18,707 14.4 
18,850 14.5 

+ = 5 cw 1,591 1.2 
1,349 1.0 
- 5 Ss 74.5 0.06 
90.9 0.07 


* Growth conditions and supplements to basal medium are as described in Table 1; 10.5 »M (720 ug.) of for- 
mate-C'4 (specific activity, 130,000 ¢.p.m. per micromole) were added per 100 ml. of medium in each experiment 


Methods for Isolation and Analysis.—Cells were harvested by centrifugation, 
then washed successively in hot solutions of 5 per cent trichloroacetic acid, ethanol, 
acetone-ethanol (1:1), and acetone. The air-dried material was hydrolyzed over- 
night with 1.5 ml. of 6 N HCl in a sealed tube at 120°. The hydrolyzate was 
neutralized and incubated at 30° for 1 hour with 15 mg. of acetone powder of 
Clostridium perfringens (A.T.C.C. 10873) to decarboxylate histidine. The re- 
sulting histamine was purified by the method described by McIntire et al.6 The 
average amount of histamine-C' thus isolated was about 100 ug., and analysis by 
paper chromatography showed a single ninhydrin-positive spot which coincided 
with the radioactivity. 

To assay radioactivity of position 2 of the imidazole ring, histidine was isolated 
by fractionation of the hydrolyzate on a Dowex-50 column’ and degraded with an 
extract of Pseudomonas fluorescens (strain 6) as described by Tabor and Ha- 
yaishi.’?’ Formic acid arising from carbon 2 was distilled from the incubation mix- 
ture in vacuo’ and assayed colorimetrically.° 

Histidine and histamine were assayed colorimetrically, using the Pauly reagent 
described by Ames and Mitchell. To 3 ml. of solution containing 1-15 ug. of 
these compounds, 1 ml. of diazotized sulfanilic acid reagent was added. The 
color was read at 515 mu 30 seconds after adding 2 ml. of 5 per cent NazCO; solu- 
tion. 

Analysis for Radioactivity —Carbon 14-labeled materials were plated directly 
onto aluminum planchets and counted in a Robinson type gas flow counter attached 
to a Model 182 Nuclear Instrument scaling unit. The activity of all samples was 
at least ten times the background count. 


RESULTS AND DISCUSSION 
Data of Table 1 demonstrate that guanine contributes primarily carbon 2 to the 
biosynthesis of histidine. The relative inactivity of histidine derived from gua- 
nine-4-C'™ and guanine-8-C' contrasted with the high activity of that derived from 


guanine-2-C™ rules out a direct transfer of the imidazole nucleus from guanine to 
histidine. When labeled histidine obtained from cells grown with guanine-2-C'* 
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was diluted with nonlabeled histidine and degraded as described in the section on 
‘“‘Methods,” almost all the radioactivity was accounted for in the amidine carbon 
of histidine. Thus the specific activities of the histidine and the amidine carbon 
obtained from it were 19,750 and 16,800 c.p.m. per micromole, respectively. 

Like Streptococcus faecalis,'' L. casei contains little or no detectable folic acid or 
folic acid derivatives when grown in complete media with guanine and thymine in 
place of this vitamin. It is notable (Table 1) that incorporation of carbon 2 of 
, guanine into histidine occurs equally by such deficient cells and by cells grown with 
folic acid. A highly significant but much smaller incorporation of carbon 8 of 
guanine into histidine also occurs in the absence of added folie acid; for unknown 
reasons this incorporation was largely suppressed by addition of folie acid. Sprin- 
son and Rittenberg!? showed in pigeons that carbon 2 of histidine was an effective 
precursor of carbons 2 and 8 of the purine ring; the present data show that the re- 
verse of this process may assume importance in some organisms under appropriate 
conditions. 

Since carbon 2 of the purine bases may give rise to formate,!* and since formate 
is an excellent precursor of the amidine carbon of histidine in yeast,? a comparison 
was made of the relative extents of incorporation of guanine-2-C'* and formate-C"4 
into histidine. Results (Table 2) show that formate-C™ is readily incorporated 
into histidine. When guanine and thymine are added to the folic acid-containing 
medium, a decrease of over 90 per cent occurs in the incorporation of formate into 
histidine (Table 2). This seems a clear indication that when guanine and formate 
are present simultaneously, the former is the preferred source for the amidine car- 
bon atom of histidine. Finally, cells grown in the absence of folic acid incorporate 
very little formate into histidine. Coupled with the results of Table 1, this demon- 
strates that the folic acid requirement for formate utilization in this reaction(s) is 
far higher than the folic acid requirement for guanine utilization; consequently, 
formate would appear not to be intermediate in the utilization of carbon 2 of gua- 
nine for histidine synthesis. 

All these data, therefore, point to carbon 2 of guanine as a more direct precursor 
of histidine than formate. It may be that formate, in the presence of folic acid or 
its coenzyme form, must first be converted to an active intermediate which can be 
more directly derived from carbon 2 of guanine. Indeed, guanine itself (or xan- 
thine, which promotes growth in histidine-free media even more effectively than 
does guanine!) might be considered one such intermediate. Folic acid derivatives 
have been widely implicated in the metabolism of one-carbon compounds,'* and 
the present findings with formate provide one more instance of this relationship. 
Whether the transfer of carbon 2 of guanine to histidine by cells highly deficient in 
folic acid also requires this vitamin in smaller amounts remains to be established. 
The transfer of a formamido- or ureido- grouping in the reaction is not excluded. 
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SUMMARY 





In agreement with conclusions drawn from sparing effects in nutritional studies,! 
guanine serves as a histidine precursor in L. casez. In this role, carbon 2 of guanine 
is transferred into the amidine carbon (position 2) of the imidazole ring of histidine 
and is a more direct precursor of histidine than is formate. A significant but much 
smaller incorporation of carbon 8 of guanine into histidine also occurs. Incorpora- 
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tion of formate into histidine occurs efficiently only in cells grown with folic acid; 
in contrast, incorporation of carbon 2 of guanine occurs equally in cells grown with 
or without folic acid and consequently would appear not to occur via free formate 
as an intermediate. 
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Nutritional experiments with chicks, as well as those with small mammals, have 
customarily been of several weeks’ duration, since it has been assumed that such 
periods of time are required in order to get significant results. It has occurred 
to us, however, that, if particular care were exercised in weighing, chicks might 
yield significant growth responses in a much shorter time. This, indeed, has 
proved to be the case, and in a substantial number of instances the first overnight 
feeding period of baby chicks may yield results comparable in rapidity with micro- 
biological tests. 

The use of baby chicks instead of weanling rats for the exploration of obscure or 
unknown nutritional factors has two distinct advantages: (1) the baby chicks 
are embryonically about three weeks younger than weanling rats and exhibit more 
exacting requirements; (2) as they come from the shell, the baby chicks are sub- 
stantially bacteria-free, and the complications of bacterial flora are eliminated—at 
least for the first few hours of life. So far as we know, no one has attempted nu- 
tritional experiments on newborn rats; it is only after they have had their mothers’ 
milk for about three weeks and presumably have established an intestinal flora that : 
it has been practicable to use them for nutritional investigation. 





EXPERIMENTAL \ 


The initial studies in our laboratories were carried out with white Leghorn chicks 
from a local hatchery. The results were similar to those reported below, which 





Vou. 41, 1955 BIOCHEMISTRY: WILLIAMS AND DE BUSK 895 


were carried out with day-old DeKalb chicks. For reasons of economy, male chicks 
were used, but similar preliminary results were obtained on unsexed chicks. 

The chicks, received in the afternoon, were given only water the first day and 
were distributed the following day, on the basis of individual weighings, into groups 
of ten. The individual chicks usually ranged in weight from 34 to 42 gm. They 
were placed in ordinary screen-bottomed small-animal cages, with inside meas- 
urements of 41 X 24 X 17.5 em. The chicks were individually marked distine- 
tively on the feet with ink, and individual weights were recorded. They were kept 
at a temperature of 92° +: 2° F. in a room which, during the nutritional experiment, 
was lighted continuously. 

The experimental rations as well as the drinking water were placed in small 
cylindrical jars (nearly full) 5.5 em. in diameter and 6 em. high. Two food jars 
(weighed) and three water jars were placed in each cage and were held in place at 
the front of the cage by wire springs. In the 18-hour experiments the weighed food 
containers were introduced into all the cages seriatim within 5-10 minutes at about 
4 p.m., and 18 hours later they were removed in the same order before the chicks 
were weighed. 

The ten chicks in each group were weighed individually at the end of the experi- 
ment, and on rare occasions it was deemed desirable to exclude a chick from the 
experiment because it was obviously ill or dead. Collective weights and food con- 
sumptions were also recorded for each group of ten. Our experimental set-up 
did not permit recording individual food consumptions, and hence these data could 
not be subjected to statistical analysis as were the individual weight gains. 

Although during the course of our experimentation various chick diets have been 
used, in the experiments here reported three basal diets, A, B, and C, have been 


used. The compositions of these three diets afte shown in the accompanying lists. 


Amount Amount 
Diet A Amount Diet B (Gm.) Diet C (Gm.) 
Sucrose 610.0 gm. Sucrose 610 Sucrose 610 
Casein 180.0 gm. Corn oil 50 Casein 212 
Corn oil 50.0 gm. Salts, P-H 79 Corn oil 50 
Salts, P-H* 50.0 gm. Alanine (pL) 20 Salts, P-H 79 
Gelatin 100.0 gm. Arginine: HCl (1) 18 Arginine+ HCl (1) 11 
Arginine- HCl (1) 1.4gm. Aspartic acid (DL) 14 Cystine (1) 4 
Cystine (L) 3.0 gm. Cystine (1) 4 Glycine 20 
Methionine (pL) 3.0 gm. Glutamic acid (L) 39 Items 9-24 as in 
Diet A 
Choline 2.0 gm. Glycine 20 
Inositol 1.0 gm. Histidine- HCI (x) 4 
Vitamin A 10,000 units Tsoleucine (pL) 12 
Vitamin D 2,000 units Leucine (1) 14 
a-Tocopherol 30.0 mg. Lysine- HCl (1) 10 
acetate 
Menadione 1.0 mg. Methionine (pi) 10 
Thiamine- HCl 4.0 mg. Phenylalanine (pL) 18 
Riboflavin 6.0 mg. Serine (pL) 13 
Nicotinic acid 50.0 mg. Threonine (pL) 12 
Calcium 20.0 mg. Tryptophan (pL) 6 
pantothenate 
Pyridoxine: HCl 10.0 mg. Tyrosine (1) 7 
PABA 100.0 mg. Valine (pL) 16 
Folie acid 2.0 mg. Items 9-24 as in 
Diet A 
22. Biotin 0.4 mg. 
23. Vitamin Bi 0.02 mg. 
24. Lipoic acid 1.0 mg. 


* Phillips and Hart, Nutritional Biochemicals. 








896 BIOCHEMISTRY: WILLIAMS AND DE BUSK Proc. N. A.S. 


Overnight Responses to Vitamins.—EKight diets were prepared just like Diet A, 
except that in each case one of the following substances was omitted: (1) choline, 
(2) vitamin A, (3) thiamine, (4) riboflavin, (5) calcium pantothenate, (6) pyridoxine, 
(7) vitamin By, and (8) lipoie acid. These eight diets were then subjected to an 
18-hour test, as outlined above, in comparison with Diet A, which included a com- 
plete assortment. The results, along with those obtained in a separate experiment 
in which biotin was omitted from Diet A in a similar manner, are given in Table 1. 


TABLE 1 
RESPONSE TO VITAMIN-DEFICIENT DIEets 








First Day ——. ——-—Srconp Day——- 2-Day Torat— 
Average Average 
Weight Food Weight Food Food 
Gain Effi- Gain Effi- Effi- 
Diet Usep (Gm.) p* ciencyt (Gm.) P ciency P ciency 
Diet A 5.2 a 1.67 6.5 ee. 1.35 GP 1.47 
Diet A lacking: 
Choline 4.0 0.95 1.16 2.9 0.999 0.65 0.999 0.86 
Vitamin A 4.1 .95 1.62 5.1 .90 1.13 95 1.32 
Thiamine 3.9 .98 1.05 4.8 .99 0.85 999 0.93 
Riboflavin 3.9 .95 1.19 5.0 .95 0.83 .98 0.98 
Pantothenate 5.2 pe 1.41 5.9 ee 1.09 Pak 1.22 
Pyridoxine 3.7 00 1597 2.2 .999 0.39 .999 0.68 
Vitamin By 5.5 or 1.38 5.7 nr 1.09 iy 1.21 
Lipoic acid 4.2 .90 1.28 4.3 98 0.78 98 0.98 
Diet A 6.7 Ae 1.14 6.9 ste 1.05 Pe 
Diet Alackingbiotin 5.4 0.95 1.00 5.7 0.9 0.93 0.98 


* This is derived from the ¢ values as determined by Student's t-test. A P value of 0.95, for example, means 
that only once in 20 times would the fortuitous differences between experimental and control values be as large 
as those observed. 

+ Weight gain divided by weight of ration consumed. 


Responses to Graded Amounts of Pyridoxine.—Using Diet A, pyridoxine omitted, as 
basal, diets were made up with pyridoxine added at the following levels, ex- 
pressed in micrograms per kilogram of diet: 200, 600, 1,200, and 10,000. The diets 
were tested in parallel, in an 18-hour test. The data necessary for constructing 
a dosage-growth response curve are given in Table 2. Two “unknowns” con- 
tained 600 and 1,200 ug., respectively, on the basis of a separate 18-hour chick test 
run subsequently. 


TABLE 2 
RESPONSE TO GRADED AMOUNTS OF PYRIDOXINE 


Average 


Pyridoxine Weight Gain — Food 
(uz/Keg) (Gm.) ol Efficiency 
None 5.0 We, © 0.96 
200 6.4 0.90 3.32 
600 6.8 95 1.38 
1,200 7.3 .99 1.50 
10,000 8.6 0.999 1.53 


Responses to Amino Acid Deficiencies.—Diet C, which contains casein as the prin- 
cipal amino acid source, would presumably be deficient in glycine, arginine, and 
cystine if these amino acids were not added in supplementary amounts. However, 
when supplementary amounts of these amino acids were omitted singly from this 
diet, only the omission of arginine yielded a statistically significant decrease in the 
growth response at the end of 3 days (see Table 3). However, the food efficiencies 
on all the deficient diets were lower than that on the control group. 






core 
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The following amino acids were omitted in turn from Diet B, and the seven 
rations, along with the control, were tested on chicks which were weighed indi- 
vidually each day for 3 days: (1) lysine, (2) histidine, (3) tryptophan, (4) leucine, 
(5) eystine, (6) methionine, and (7) cystine and methionine. The results are 
tabulated in Table 3. Although the chickens did not grow so well on the amino 
acid diet as on the casein diet, possibly indicating a need for some peptide present 
in casein, the results were such as to show highly significant differences between the 
control and six of the amino acid—deficient diets. 


TABLE 3 
RESPONSE TO AMINO ACID—DEFICIENT Diets 
First Day Seconp Day— Turrp Day -3-Day ToraLt— 
Average Average Average 
Weight Weight Weight Food 
Gain Gain Gain Effi- 
Dier Usep (Gm.) , (Gm.) . (Gm.) ciency 
Diet C 6.3 5.5 6.3 : 1.08 
Diet C lacking: 
Arginine 4.9 0.99 
Cystine 6.0 
Glycine 6.3 
Diet B 4.2 
Diet B lacking: 
Cystine 4.4 
Cystine and 
methionine 3 
Histidine 3 ; 99 
Leucine 2 f 95 
3 
4 
3 


0.999 0.999 0.80 

ae eo 0.89 
.89 
74 


“Iorb 


999 .99 
.98 . 999 
.999 .999 

98 . 999 
.99 95 

0.95 0.999 


Lysine 99 
Methionine 
Tryptophan 


coossos os os 


0.99 


It may be noted that the lack of two of the amino acids was detected the first day, 
the lack of two others was evident the second day, and two other deficient diets 
produced diminished growth on the third day. Again, as in the previous experi- 
ment, however, the omission of cystine appeared to result in a decreased food effi- 
ciency, though it did not produce diminished growth. 

Responses to Mineral Deficiencies.—In order to see whether mineral deficiencies 
would appear in tests of 1-3 days’ duration, Diet C was used as a control and rations 
were made up lacking magnesium sulfate and ferric citrate. In testing for cobalt 
and copper deficiencies, however, Diet B was used as the control, in order to avoid 
the use of casein, which might carry enough of these trace minerals to invalidate 
the experiment. The results are given in Table 4. 


TABLE 4 
RESPONSE TO MINERAL-DEFICIENT DIETS 


First Day—— -—Seconp Day -——Turrp Day- -—3-Day Tora. 
Average Average Average ‘ 

Weight Weight Weight Food 

Gain Gain Gain Effi- 

Drier Usep (Gm.) 7m. (Gm.) ciency 

Diet B 3.3 3. 355 = ; 0.88 
Diet B lacking: 

CoCl, 0.95 0.98 .73 

CuSO, 6 .99 .99 61 

Diet C 5. 5. 5. ay sr 95 
Diet C lacking: 

MgSO, 4 4. 34 0.999 0.999 75 

Ferric citrate : j 0.97 








898 BIOCHEMISTRY: WILLIAMS AND DE BUSK Proc, N. ALS. 


It can be seen from Table 4 that the omission of cobalt, copper, and magnesium re- 
sulted in a significant decrease in growth rate (copper deficiency appeared to show 
up overnight), but the omission of ferric citrate caused no diminished growth, nor 
did it result in a decrease in food efficiency. It appears that chickens, like mam- 
mals, store appreciable amounts of iron during embryological development and 
thus do not require an additional source of iron during the first few days after 
hatching. Since the iron content of casein is very low, it is doubtful whether the 
diet employed contained enough to invalidate the results. 

Responses to Fatty Acid Deficiencies.—Three diets altered with respect to fatty 
acid content were prepared and compared with the basal Diet C. In one, all fat 
(corn oil) was eliminated; in the second, a mixture of stearic, palmitic, lauric, and 
myristic acids was substituted for the corn oil; in the third, a mixture of linoleic, 
linolenic, and oleic acids was substituted for the corn oil. There was no significant 
difference in the weight gains on any of the diets until the third day. On this day 
the average weight gains on the four diets were as follows: Diet C, 6.2 gm.;: 
lacking fat, 4.5 gm.; lacking saturated fatty acids, 6.8 gm.; lacking unsaturated 
fatty acids, 4.0 gm. The P values in the second and fourth cases were 0.98 and 
0.999, respectively. 


DISCUSSION 


It appears evident from our experiments that newly hatched baby chicks have 
no substantial stores of the majority of the recognized nutrients but immediately 
depend on the food that they consume to supply almost every item. Iron appears 
to be the one notable exception; for several days, at least, it does not appear to be 


a nutritional need. On the basis of decreased growth responses and/or food effi- 
ciencies, we have observed in overnight tests deficiencies of choline, vitamin <A, 
thiamine, riboflavin, pantothenic acid, pyridoxine, vitamin By, biotin, lipoic acid, 
arginine, histidine, leucine, and copper. By extending the period of observation to 
two or three days, deficiencies of lysine, tryptophan, cobalt, magnesium, unsatu- 
rated fatty acids, methionine, glycine, and cystine become apparent on the basis 
of one or both of the two criteria. 

The food-efficiency data are interesting in view of the fact that these may fur- 
nish an even more delicate test for deficiency than does the overnight-growth test. 
During the first overnight period the food efficiency of the chicks is often greater 
than unity, which means, of course, that water is contributing materially to the 
weight gains. These gains are nonetheless consistent and meaningful, and their 
relationship to the total food consumed appears to be highly revealing. Under 
our experimental conditions there was negligible wastage of food, especially in the 
overnight test. Decreased food efficiency has been observed overnight in a number 
of cases in which diminished growth ‘responses do not appear until several days 
later. Of the thirteen deficiencies noted above as being detectable in an overnight 
test, however, eleven showed statistically significant diminution of growth response 
as well as decreased food efficiency. An interfering factor which may seriously 
affect the weight gains and the food efficiencies is the amount of salt in the diet. 
If this is higher in one ration than another, the weight gains will be substantially 
larger, due to increased water consumptions, 
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| The experiment with graded doses of pyridoxine demonstrates that the overnight 
chick test is capable of yielding not only qualitative data but quantitative data as 
well. This is the only nutrient for which a quantitative test of this sort was run; 
presumably several other nutrients may yield similar results. 

While some experiments have been done with two strains of chicks, white Leghorn 
and DeKalb, yielding similar results, we have not investigated strain differences in 
nutritional requirements, though these are known to exist. This method of study 
offers an easy tool whereby these differences can be investigated. Presumably 
the same technique which we have used on baby chicks could be applied to turkey 
poults and to other young fowl. Strain differences and interspecies differences could 
be brought to light relatively easily and cheaply by utilizing short-term tests, and 
it is possible that this method of procedure could be invaluable for early culling out 
in connection with poultry-breeding experiments. 

Interesting questions arise as a result of our investigation. Are the nutritional 
needs of very young chicks substantially different from those a few weeks older? 
Are there differences due to intestinal flora or to changing nutritional requirements 
with age? The answers to these questions must await further investigation. 

It will not be presumed by experienced investigators that experiments such as 
ours always run smoothly and are free from difficulties. The major part of this 
investigation was carried out during the winter and spring months. As summer 
approached, however, we had increasing difficulties and irregularities. Whether 
the warm weather had an effect on the hens which produced the hatching eggs, 
whether bacterial effects (intestinal flora) became greater, or whether still other 
‘auses were responsible we cannot say. In the main, however, the experiments 
have been straightforward and the results free from serious disturbance. 

Aside from items already mentioned, our experiments suggest the use of short- 
term tests for investigating (1) unknowns in chick nutrition, (2) amino acid inter- 
relationships, (3) food compounding for poultry, (4) effects of controlled intestinal 
flora, and (5) individuality of nutritional needs. Our experiments suggest also the 
desirability of watching the weights of rats, mice, guinea pigs, etc., more closely 
than has been customary in nutritional experiments, in the hope that significant re- 
sults can be obtained in a much shorter time. 


Se + 
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Introduction.—The ‘‘classical theory of irreversible thermodynamics’! may be 
said to have its origin in the formulatioa of the “reciprocity relations” by Onsager.’ 
The basis of this theory may be summarized briefly as follows (for a complete dis- 
cussion see works cited in ref. 1 and 2): in the limit of small excursions from ther- 
modynamic equilibrium, changes in the properties of any system are described by 
certain formalized forces and fluxes. In general, the flux of any property (e.g., 
matter, heat, electricity, etc.) may be taken as linearly dependent upon all the 
forces (concentration or temperature gradients, potential differences, etc.). If, in 
this set of linear equations—called the ‘‘ phenomenological equations’’—the forces 
and fluxes are properly defined, the coefficient L;,; of the jth force in the equation for 
the 7th flux must, according to the ‘‘reciprocity relations,” equal the coefficient 
L,;, defined in the same manner. The correct choice of these forces and fluxes is 
determined by the condition that the time rate of change of the entropy of the 
system be given by the sum over the products of each force by its corresponding 
flux. 

The application of this treatment to processes involving simultaneous gradients 
of temperature, concentration, chemical potential, or electrical potential has been 
uniformly successful, provided only that the gradients are sufficiently small, i.e., 
the system is nearly at equilibrium. Exactly how near the equilibrium state the 
system must be, however, in order that the postulated linearity will suffice as an 
adequate approximation is not always made clear; for most purely physical phe- 
nomena of this type, as, for example, Thompson and Peltier heats, it appears that 
the formulation is adequate under nearly all experimental conditions. In diffusion 
and chemical reaction, on the other hand, the several approximations described 
above are almost never satisfactory in cases of practical interest, and the deductions 
of this type of theory become, to a large extent, only academically interesting. It 
would appear that in these cases, at least, a higher degree of approximation in relat- 
ing the forces and fluxes of a given system is required. Unfortunately, any attempt 
in this direction requires that the linear relation between forces and fluxes, and hence 
the symmetry properties of the matrix of phenomenological coefficients (the Onsager 
conditions), be given up, and the whole approach becomes impractically cumber- 
some. 

An additional problem arises from the fact that, strictly speaking, thermody- 
namic variables such as entropy which appear in the algebraic formulation are not 
well defined except at thermodynamic equilibrium, and their precise meaning be- 
comes less clear the further the system deviates from this state. Any attempt to 
describe a nonequilibrium system in terms of purely thermodynamic variables must 
suffer from this logical difficulty, and it is not immediately apparent that there 
exists any way in which this conflict can be resolved within the framework of the 
classical theory of continuum thermohydrodynamics. 

On the other hand, there is quite general treatment of irreversible processes based 
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upon the idea that in any transport process, or chemical reaction, the molecules 
occupy successive equilibrium states and pass from one to the next through a 
region of relatively high potential energy. The properties of the intermediate 
state of highest potential energy determine to a large extent the probability with 
which transition from one equilibrium position to the next will occur. It is thus 
not sufficient to specify the state of the system in terms of its equilibrium pa- 
rameters and their expansion in terms of small departures from equilibrium values 
except in such special cases as occur when the activation energy for transport is 
comparable in magnitude to the extent of these energy fluctuations. This will al- 
most never be true in chemical reactions, for example, where the activation energy 
will generally be some tens or hundreds of kilocalories. 

It has been shown’ that a formulation of this type applies quite generally to irre- 
versible processes and, in particular, to cases in which several forces are coupled 
to produce an equal number of fluxes. In all cases the properties of the activated 
state and the forces which provide the motive power for the rate process together 
determine the rate of transport of heat, matter, charge, etc. It is both convenient 
and appropriate that, in the limit of small activation free energies and small forces, 
this molecular formulation both reduces to the linear phenomenological equations 
of classical irreversible thermodynamics and provides the symmetric matrix of coef- 
ficients demanded by the Onsager reciprocity relations. 

It seems quite clear that rate theory, the treatment of irreversible thermody- 
namics from the point of view of the activated complex, not only suffices to explain 
the behavior of systems considerably out of equilibrium, such as chemical reactions 
proceeding at quite rapid speeds, but in the limit of near-equilibrium conditions 
also contains all the information available from the classical theory. Since both 
treatments depend ultimately upon the principle of microscopic reversibility and 
derive from considerations of statistical fluctuations, it would seem a fair conelu- 
sion to say that the classical theory derived from the reciprocity conditions of On- 
sager is a special case of the more general rate theory, couched in the mathematical 
language of continuum physics. It is not clear that anything is gained by pursuing 
this special case further, since most examples of practical interest do not fall into the 
area of near-equilibrium conditions demanded by it. Equally important, the classi- 
‘al theory cannot be generalized to include transport processes further from equilib- 
rium, since it deals only with the properties of the system in the several equilibrium 
positions, the minima of the potential-energy surface. The activated states, inter- 
mediate between these minima, do not appear in the formulation; since the rate of 
progressing from one minimum to the next depends upon the height of this barrier 
the treatment is necessarily severely restricted. 

In the following sections we propose to consider coupled chemical reactions, to 
present the derivation of a general equation for transport in molecular terms, and 
to show that, in cases in which the linearization referred to above is proper, these 
equations do reduce to the formalism of the classical theory. In order to demon- 
strate this, an example of diffusion of ions in the presence of an electrical field is 
described. 

Cyclic Chemical Reactions.—In a recent publication’ Zwolinski and Marcus have 
shown that near equilibrium the rate of unimolecular reaction can be expressed in 
the linear form 
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—xctAF 


hN (1) 


For complex reactions, involving several individual chemical transformations, the 
velocity with which species 7 is transformed into species 7 is given in generalized form 
as 
—Kce;;*AF ij; 
vy = . 
hN 

Now imagine the simplest possible cyclic sequence of three unimolecular reactions: 
A=?B,B=C,C=A. For such a cyclic system one may write, using subscripts 
1, 2, and 3 to refer to substances A, B, and C, respectively: 

de, 

dt 


=o —~ Oia; 


dey 
dt 


des 
dt 


~—=Og) Uae 


Here the v’s are net velocities (forward minus reverse), and the direction of the reac- 
tions is indicated by the order of the subscripts. If the system is sufficiently close 
to equilibrium, one can substitute expression (2) for each of equations (3) and obtain 
de, KC AF Ke13° AF 43, 
dt hN hN 


des Kem *AF 2) KCo3*AF 23, 
dt AN hN 


des Kes * AF 51 KC3* AF 39, 


dt hN hN 
Thus one obtains a general equation for cyclic systems of this type: 


de; se, 4 mes ok 
“i. AN 


i (2 # 7). (5) 


The right-hand side of the set of equations (5) can be represented as a square array 
whose diagonal terms vanish, due to the definition of AF, in terms of the chemical 
potential, u,;, of the 7th species: 
AF yy = wy — Me (6) 

The square matrix of the coefficients of the AF’s can be written as 
KC19* KC13* 
hN hN 
0 kCo3* 

hN 


0 


0 


KC39* 


hN 
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It is easily seen that when the transmission coefficient « is unity (hk and N being 
Planck’s constant and Avogadro’s number, respectively), the matrix is symmetrical, 
since c* is by definition equal for the forward and reverse reactions. If x should 
differ from unity, it is still true that 


Kij = K ji (a z= dD; (8) 


since the transmission coefficient refers to the initial and final states only. This 
model can be extended to cyclic systems made up of any number of successive uni- 
molecular reactions. In general, one has always 


de; J —xei;*AF ij) 


a: nan. 4 § 9) 
a ae \ 
with the conditions 7 # 7,7 = 7+ 1. 

It is interesting to note that two fundamental postulates, common to all kinetic 
formulations, are implied by the statement 


Cy? = Cy’, (10) 


viz., for a given reaction, the identically same critical complex is involved irrespective 
to the direction of the reaction, and the concentration of this complex is independent 
of the direction being considered. Furthermore, the well-defined linear approxima- 
tion (eq. [2], arrived at by expansion of the generally occurring exponential rela- 
tionship) makes it possible to calculate the limit to which the theory is applicable. 
For instance, AF must be less than !/;47', or 200 cal. at room temperature, in order 
that the error introduced by neglecting the square term in the expansion shall be 
no greater than 10 per cent. This conclusion again emphasizes that the Onsager 
treatment, while undoubtedly correct in its domain, is rather ineffectual as a tool for 
studying coupled chemical reactions. 

General Equations for Transport.—It is not difficult to write the equations of 
transport in terms of the flux of a particular species across the several individual 
barriers in the form discussed by Zwolinski, Eyring, and Reese® and by Eyring, 
Lumry, and Woodbury.’ In the usual way one derives for the flux of a species 
across the 7th barrier in the forward direction the expression 


Qi = cdi — Coriik’ ins, (11) 


where ¢; is the concentration at the 7th potential minimum, X, is the width of the 
potential barrier between the 7th and the (¢ + 1)st minima, and k; and k,’ are the 
specific reaction rate constants for traversing the barriers to the right and left of 
the ith minimum, respectively. 

The set of equations which is obtained by writing equation (11) for all 7 from zero 
to (n — 1) may be represented by the matrix equation 


Qo — Coroko — ky’ 2a 
(1 Ahi — Yok’ 


Qn, 0 0 0 An—1h yt —Agka’ Cn 


In the steady state, where all Q,; are equal to the macroscopic flux Q, equation (12) 
may be solved for any particular concentration c; by applying Cramer’s rule: 
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where | A| is the determinant of the square matrix of equation (12), and A™, A%, 
..., are its cofactors for column and row indicated (A“ = 0|A|/0A,). In prac- 
tice, the concentrations in which one is mainly interested are those corresponding 
to the first and to the last minimum, respectively; solving for the flux across the 
macroscopic diffusion barrier in terms of these concentrations, one obtains 

ee Codoko — (hy'ke’ ... Kyia’/ Kiko «2. Kn—1)Rn'CnXn 

ois 1+ (ky’, ky) + (ky ko’ /kyke) ES (ky'ke’ iste Ky-1'/kike a lena), 


(14) 


This expression is not generally useful, since in the absence of some relation be- 
tween the various rate constants it remains simply a formalism. The various 
terms in the denominator of equation (14) can be written as 


Kes'he! . . key! (2) 
a = exp {( — ]}, 5) 
te k; I RT ( ] ») 


where 6F;;* is the difference between the free energy at the top of the barrier to the 
right of the zeroth minimum and that at the right of the jth minimum. In many 
‘ases it appears that this difference can be taken as a linear function of the distance 
in the direction of transport. Under such conditions one has 


t 
6F;* = — AF, j 2, i, wR (16) 
n 


where AF, is the total free-energy change through which the particle falls in crossing 
the set of (n — 1) barriers. With this assumption the denominator of equation 
(14) becomes a simple power series, and the steady-state equation for the flux of 
any species is 


~ 7 AP n; RT 
Aoko} a- (Ax Ao) Cné } 


( —_ = 
: b+aetet+ oo. t 


(ae 2 
r = eX 
smiled, OT One) 


The geometric series in the denominator of equation (17) may be summed to give, 
as the equation for the steady-state flux, the expression 


l— 27 f yn rash 
Q = tT J oko (« png ir c,e" es: ") \ (1 9) 
1—2* | No 


or, upon r arranging, 


(17) 


where 


gate aca gll2 
Q = dake? fait — cy Parte (20) 
H heart Sila! 


In equation (20), ko° = ko exp (AF,,/2nRT) is the rate constant for crossing the first 
barrier in the absence of any applied force. The factor 
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gale — gil? g 
=~“ (21) 
n 


—n/2 n/2 


‘ hi 
‘an usually be replaced by its approximate value, 1/n, unless AF, is large compared 
with RT. The barrier widths \ may in most cases be taken to be approximately 
equal. With these definitions and approximations, one may write for the flux of a 
particular species the expression 


(Q 


a 
= ee g x -n/2¢ ey ale}, 

A similar equation may, of course, be written for the flux of each species present 
in the system at the steady state. The quantity xz, defined in equation (18), ex- 
presses the dependence of the flux of a species upon the force which drives the system 
toward equilibrium. Its precise formulation in specific cases will be illustrated later. 

Membrane Diffusion.—We consider as an example the case discussed from a some- 
what different point of view in a previous paper.’ Suppose two aqueous solutions 
of sodium and potassium chloride to be separated by a biological membrane, as is 
approximately the case in most living cells. In addition, assume that some neutral 
molecule, which we designate as P, is produced on one side of the membrane and is 
destroyed or otherwise removed on the other. This unspecified metabolite, P, is 
capable of complexing with the sodium ion preferentially, and the complex ion, 
NaPt, diffuses through the membrane more rapidly than the ion Na+. Under 
these conditions, it can be shown that in the steady state, when the metabolite is 
being produced and destroyed at equal, constant rates, a potential will be set up 
across the membrane which may be of the order of 100 mv. Designating the species 
Nat, K+, NaPt, Cl-, and P by the subscripts 1 through 5, respectively, one ob- 
tains for the fluxes the equations 


Qi as EZ ” "C0: a Cn} (7 mA l, 2, 3, 4), (23) 
Qs = Ps} cos — Cs} , (24) 


where we have written P; = Aoko;°g/n (eq. [22]), and AF,,; = 2& (eq. [18]). 
Also, 2: is the charge on the 7th ion, with sign; § is the faraday; and & is the poten- 
tial across the membrane. For the total current, 7 = Qs, we write simply the sum 
of the fluxes of the charged ions, each multiplied by its charge: 


4 
®= L Ves. 


t=1 


The subscripts zero and n refer to the inside and the outside of the cell or mem- 
brane, respectively. 

We have here a situation typical of those discussed in classical irreversible ther- 
modynamics, viz., a diffusion of ions and molecules arising from the force of a con- 
centration gradient opposed by the electrostatic force on the charged ions due to 
the membrane potential. Because of these opposing forces, the system is able to 
achieve a steady state, supported by the metabolic production of the carrier, P. 
Since the equations have not been linearized, there are no restrictions on their 
validity, such as requiring the gradients and potentials to be small. On the other 








906 CHEMISTRY: PARLIN ET AL. Proc, N. A.B. 
hand, since the relation between the forces and fluxes is not linear, the symmetry 
conditions of Onsager obviously cannot be applied. In order to do this, it will be 
necessary to reduce the equations to the limiting form appropriate to near-equilib- 
rium conditions. 

If we write for the chemical potential on the two sides of the barrier the approxi- 
mate equations 


Koi = wor (T) + RT In Coiy Kni = Uni? (T) + RT In Cniy (26) 


then the concentration gradient becomes, with Ay; = poi — Mni, 


l eae. | Co) ‘ 
\ -- = (co + ¢,)+tanh 


(co + Cp) Aue 
Co n “i 
Bi Se ee ORT 


Co; bare i Cri = 
(Here it is assumed that the standard state is the same in each solution, whence 
° ° 
Mog = Mni -) 
Taking, in this limit, the average concentration, €; = '/2(co; + ¢ni), a8 approxi- 
mately constant, and substituting equations (26) and (27) into equation (23), one 
obtains 
258 Au 2:56 | 
“4 i . i 
Q,; = 2P,é; <cosh > tanh + sinh , (28) 
e 2RT 2R1 2RTS 
When & is small compared to RT’, equation (28) may be expanded, retaining only 
terms to the first power in Ay; and &, to give 


P¢; 


we {Aus + 2458}. 29) 


Qi 
To the same approximation, the flux of the neutral species is derived, in a similar 
manner, as 


I 505 


Q; = Aus. (30) 
RT 
These fluxes are now given as linear equations in the six forces Ay, through 


Au, and &, and the set of equations can be written in the matrix form 





lg Tee 0 0 ee shige 
RT RT | 
Qs 0 ES cay 0 0 ae oe 
, RT Ra SS es 
Q:| {0 0 Se ee a? Aus | 
RT RT Cr aes 
d= “5 | 
Qs 0 0 0 ne 0 — - =< Aus 
Qs 0 0 0 0 ve % oa | 
RT Riel ' 
Pies PreoF PF —PrdS 2i:PiiF | . 
“| ler Rr RT "RT , LRT | | ; 
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We note that in the square matrix of the coefficient one does obtain the reciprocity 
relations, i.e., the matrix is symmetrical about the diagonal. It is also interesting 
to note that in the process of linearization of equations (23)—(25), the flux of an ion 
becomes expressible in terms of two additive terms, one arising from the gradient 
in chemical potential and the other from the electrostatic foree on the charge. 
That this separation is artificial is seen from the fact that in equation (28), a some- 
what more general case, no such division of the force into “chemical potential” and 
“electrochemical potential” exists. 

Conclusion.—It appears that rate processes can quite generally be treated by 
what is sometimes described as ‘relaxation theory,’’ namely, by consideration of 
the statistical rate at which a molecule or an ion crosses an energy barrier from one 
equilibrium position to another. In such a treatment the properties of the system 
at the top of the barrier—the activated state—become of paramount importance 
in determining the net rate of transport of charge, matter, momentum, ete., and in 
cases of macroscopic transport it becomes completely impossible to describe the 
process without them. An alternative method of treating such changes in state, 
which we have here called the ‘classical treatment”’ of irreversible thermodynamics, 
is not only severely limited in application by the requirement that the changes be 
small, and that the system as a whole remain near equilibrium, but cannot be gener- 
alized to include systems far from equilibrium, since these properties of the acti- 


vated state are never introduced. 
Both methods of attack satisfy the same fundamental theorem: the principle of 
microscopic reversibility. It is thus not surprising that both reduce to the same 


formalism near equilibrium, as has been shown in the example given above. How- 
ever, since the rate-theory approach not only yields the reciprocity relations in the 
extreme of linear dependence of fluxes on forces but also appears to suffice in the 
nonlinear range, it appears much more useful to employ this approach throughout 
the entire field of irreversible processes, leaving the classical theory as a special 
case. 


* This work was assisted by funds from the National Science Foundation and the Office of 
Naval Research. 
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1. Introduction—In a previous communication in these PrRocrEEDINGs! we con- 
sidered a set of stress-strain relations 


= Fio(en,..., €33; Ou,.--, 33); (1) 
in which the left-hand members are the components of the absolute time derivative? 
of the stress tensor o and the quantities F,, are the components of a tensor invariant 
of o« and the rate of strain tensor «. By specialization of these relations, based on 
the procedure employed in the classical elasticity theory of an isotropic medium, 
we were led to a set of a stress-strain relations which can be written in the form 

* 
a vee =e€ei,+ bon; A — = a + Bons, 
where the coefficients a, 6, A, and B are to be regarded as scalar invariants of the 
tensors og and e. The “star” is attached to a symbol to denote the corresponding 
deviation tensor or its components. 

It will be shown here how the invariants a, b, A, and B can be chosen so that 
equations (2) become the stress-strain relations for incompressible plastic flow of 
the von Mises type whenever a general yield condition is satisfied. These same 
relations, namely, equations (8) and (9), will also provide an approximation to the 
equilibrium displacements of classical elasticity theory for small values of the 
stresses. 

We have not investigated the nature of the surface bounding the plastic region, 
but apparently this surface can be singular relative to the solution functions of the 
problem.‘ Generalizations of the stress-strain relations (8) and (9) of this paper 
can be made which are analogous to the generalizations mentioned in our earlier 
paper! dealing with the combined elastic and Prandtl-Reuss stress-strain relations. 

Recent investigations by Truesdell and Noll,> based on formulas of the type of 
equation (1), have exhibited phenomena indicative of yield or rupture. Whether 
these disclosures will ultimately lead to a full-fledged theory of plasticity or whether 
one must adopt a more positive approach, such as is proposed here, it is certain 
that we can not continue indefinitely to accept the present unsatisfactory state of 
this mathematical discipline. 

2. The Yield Condition.—Consider an equation 

F(ou, be 6g OES; Elly 0 ag €33) = Q, (3) 
where the function F, which is a scalar invariant of o and e, will be specified later. 
A point P of the medium at which the values of the components ogg and €gg satisfy 
equation (3) will be called a yield point. A region (open set) consisting of yield 
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points will be said to be in a state of yield, and the flow in such a region will be called 
plastic. Let us now impose the following condition. The coefficients a, b, and A 
in equations (2) vanish at a yield point. Hence, for plastic flow, equations (2) 
become 


éx = 0; Pom + Bons = Q, (4) 


where we have denoted by B the value of the scalar B under the yield condition (3). 
We now make the following assumption, which we regard as expressing one of 

the characteristic properties of plastic flow. Ata yield point, or in a region of plastic 

* . . * 
flow, the components o,3 are determined by relations (4) when the €,3 are known but 
the converse is not true. An immediate consequence of this condition is that the 
2 . . . * 
quantity B can be considered to be a function of the components €j3. Moreover, 
it can be shown that® 










atl ee © ae 
1 a E(Y €ix€xj€1j/ V ene) (5) 
Sz" one ff ee 0 
B V €4j€:; 










od * G Fo ij » 
O ap? ag os E —= ; (6) 
Cij 





ij 






where E is a function of the ratio of the two scalar invariants of e* or o*, as indi- 


cated. In view of equation (5), equations (4) for plastic flow become 







{ 3/ * / 
' yf 3/ * * * 3 
_ E(¥ € in €Kj€ ij V ce) * 8 
se 0; Tap = / * * €ap- (7) 
+ €4j€ij 





The first of these relations expresses the usual condition of incompressibility. For 
E = constant, the second set of relations (7) are the well-known plasticity equa- 
tions of von Mises. 

Relation (6) above provides us with a possible form of the yield condition. If we 
define the function H(o*) by writing 










* * 
FT apt ap 


Ho) = 1 — T(Venewou!Vewru) 


the yield condition (3) can be expressed by the vanishing of H(o*). In particular, 
for E = constant, the condition H(«*) = 0 becomes the usual quadratic yield 
condition of von Mises. 

3. The Stress-Strain Relations.—To satisfy the requirements of the present theory 
in a comparatively simple manner, we assume that the coefficients a, b, A, and B 
in equations (2) are given by 


H(o*) aH (o*) 
zt ‘en 
3A + Qu 3A + 2yu 



















H(o*) / 
6 B = BH(o*) — V1 — H(e*), 
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‘ 


where a, 6, and uw are material constants. Hence relations (2) can be written 


D i 
H(o*) = = (8A + Jey + aH(o*) oii, (8) 


~ 


Tag 


= Queng + 2ul|BH(o*) — V1 ~ H(e*) Jong. (9) 


These stress-strain relations satisfy the ordinary conditions of isotropy and homo- 
geneity of the medium. It is postulated that 


0 s H(o*) <1 


for all flows; this inequality is obviously satisfied in the case of the von Mises yield 
condition, for which £ = constant. For H(o*) = 0, relations (8) and (9) revert to 
the stress-strain relations (7) for plastic flow. 

4. Small Stresses —For stresses which are small in comparison with those pro- 
ducing yield, and relative to a co-ordinate system with respect to which the material 
is at rest in its unstrained position, we assume (1) that the components Do,g/Dt 
of the absolute time derivative of the stress tensor can be approximated by the 
corresponding total time derivatives do,/dt with sufficient accuracy; (2) that the 
values of H(c*) and H(e*) are approximately equal to one; and (3) that the terms 
involving the constants a and 8 in equations (8) and (9) can be neglected in com- 
parison with the other terms in these equations. Then equations (8) and (9) re- 
duce to 


* 
do ag * 


dois = Que*,. (10) 


dt ee ees dt 


As shown in our foregoing paper,' integration of equations (10) gives the stress- 
strain relations of classical elasticity theory. Hence the stress-strain relations 
(8) and (9) lead to results which approximate the results of the classical theory 
under the above conditions which we assume to be realized in practice for small 


stresses. 
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Among the major unsolved problems of meiosis is the so-called “interchromosoma! 
effect,”’ or apparent rise in crossing over that occurs within one pair of homologous 
chromosomes when crossing over is suppressed in heterologous pairs by means of 
5 inversions.! Thus suppression of crossing over in either or both of the large auto- 
somal pairs of female Drosophila melanogaster is apparently accompanied by an 
increase in crossing over in the X chromosomes. Since crossover X chromosomes 
very rarely (frequency <0.0001) fail to segregate, and since nondisjunctional X 
chromosomes are derived almost exclusively from noncrossover pairs,” it would be 
expected that the suppression of crossing Over in autosomes would be accompanied 
by a decreased rate of nondisjunction of X chromosomes. Sturtevant (1944),’ 
however, has made the unexpected and remarkable discovery that heterozygous 
autosomal inversions may greatly increase the rate of nondisjunction of X chromo- 
somes. Sturtevant’s observation will now serve as the point of departure for a new 
investigation and interpretation of interchromosomal effects. 














HyPporuHEsis 





As an example of the interchromosomal action on nondisjunction, X chromosomes 
of the constitution sc, Jn dl-49 v, In B™ /yw'v, give about 0.3-0.6 per cent primary 
nondisjunction. However, when /ns Cy(2L + 2R) are made heterozygous in 
| chromosome-2, these two X chromosomes undergo from 4.5 to 6.5 per cent primary 








nondisjunction. 

Our hypothesis to account for such effects is this: (1) If a pair of chromosomes 
is heterozygous for a sizable structural rearrangement, then the homologues pair 
with difficulty, presumably owing to a conflict of pairing tendencies along the chro- 
mosomes, as, for example, to each side of break points. Nevertheless, if but one 
chromosome pair of a set is structurally heterozygous, bivalent formation is essen- 
tially normal in frequency; hence so also is segregation. This notion is common to 
most genetic thinking today. However (2), when two different pairs of chromo- 
somes are structurally heterozygous, they may pair as homologous sets or as non- 
homologous complexes. In the former case normal segregation results. In the 
latter, ‘“nondisjunction”’ of one or more chromosomes may occur by dissociation of 
the complex of nonhomologous partners to give randomly directed univalents, or 
the multivalent complex may give aneuploid segregants. For the present it is 
unimportant whether the nonhomologous pairing is assumed to occur euchromati- 
cally, heterochromatically, or both euchromatically and heterochromatically. The 
significant and new assumption is that nonhomologous pairing will occur under con- 
ditions of complex structural heterozygosity. 

This general hypothesis predicts, then, that there will be a production of domi- 
nant lethals (by the formation of aneuploid oécytes unrestorable to euploidy by nor- 
mal sperm) when the X chromosomes and one autosomal pair are both structurally 
heterozygous; that an increase in dominant lethals in excess of that to be expected 
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from O-egg by Y-sperm fertilizations will occur; and that autosomal nondisjunc- 
tions (at least in principle) shall be demonstrable; finally, in the presence of struc- 
turally homozygous X chromosomes, structural heterozygosity of both autosomes 
should give a large increase in dominant lethals without an accompanying increase 
in primary nondisjunction of the X chromosomes. As will be shown, results so 
far bear out all these predictions. 


EXPERIMENTS 


Seventeen stocks of inversions have been cytologically analyzed in preparation 
for the experiments. Except for one,‘ all showed the rearrangements with limits 
the same, or closely similar to, those previously recorded.» These were made up 
in heterozygous combinations, eggs were collected, and their hatching or nonhatch- 
ing was scored. Adult progenies were reared from aliquots in order to shorten the 
duration of each experiment. The results of these experiments are set forth in 
Table 1. 


TABLE 1 


CORRELATION OF PRODUCTION OF DoMINANT LeTHALS (Dom. L.) wirH (1) OpporTUNITIES FOR 
NONHOMOLOGOUS ASSOCIATION AND (2) OCCURRENCE OF 
NONDISJUNCTION OF THE SEX CHROMOSOMES 
References in text are by item row and column number, e.g., F5, K9, etc. Single experiments are A + B, C + D, 
E+F,G+H+I1+J,andK+L+M+N._ In F8 no Cy L‘ exceptional 9 9 appeared, despite 514 and ? 
+ exceptional 2 9; this Cy L4 class ethiatieeh to be inviable in the experiment. 
——ConsTITUTION——— -~Eee Counts— —— ApuLt Counts— 
% % Exceptions Per Cent 
xX /X II/II IIIT/IIl No. Hatch Dom. L. No. Q roi XX-O 
ITEM Q) (3 (3) (4) (5) (6) (7) (9) 
A dB/+ +, Tit 5,248 91.3 % 4,210 7 ) 0.6 
B dB/+ 6,499 76.6 ; 4,033 : A: 4.1 
C dB/+ 4,439 95.7 4,593 5 0 5 
dB/+ 5,258 81.9 3. 3,933 . 9.2 
3 
?) 


~-~ ~-~ 
o+ 
ots 

> e. 
er 

of 


sA/+ 5,480 94.0... 4,503 ae 
sA/+ 3,771 81.8 2,170 12(24?) 33 4 8. 1? 
dB/+ 3,883 97. 1,896 0.1 
dB/+ 3,537 61. 5. 3,106 10.3 
dB/+ 2,775 82.1 15.6 4,057 36 10.9 
dB/+ 3,904 50.8 r 2,518 21.4 
fp 4 3.001°°96.6-°.. 4,568 0.09 
f- /-4. 3,268 93. A 7,707 0.03 
+/+ Sa 87k SS 5,875 a 
+/+ 


Total 58, 124 56,878 485 487 


X-Chromosomes: + = y2w%v; dB = ac, In dl-49 v, In B™!; 8A = In sc’, In AM. 2-Chromosomes: z 
wild-type sequence, no markers; +* = wild-type sequence, marked by Bl; Cy = In Cy(2L + 2R), L‘'; dp = 
Ins dp(2LR). 3-Chromosomes: + = wild-type sequence, no markers; +* = wild-type sequence, marked by R 
Ly; C = Ins C(8LR), D; P = Ins P*(3L + 3R). 


St Srst St, 
+t+t+4+>+5 ++ 4+ ++ 
S++ ++ 444: 


+, 


3,608 71.4 25. 3,709 


~ 
<= 





RESULTS AND CONCLUSIONS 


1. Whether structurally heterozygous (Table 1, items A, C, E, G) or not (Kx), 
it is clear that nondisjunction of X chromosomes is negligible (0.09-0.6 per cent) 
when the pairs of major autosomes are structurally homozygous. 

2. When X’s are structurally homozygous, but one (L, M) or both (N) major 
autosomes are structurally heterozygous, the X chromosomes likewise segregate 
normally, and their nondisjunction rate (0.0-0.03 per cent) is no greater than when 
the autosomes are both structurally homozygous (K; XX-O, 0.09 per cent. [see 
Table 1]). 
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3. However, nondisjunction of structurally heterozygous X’s is vastly increased 
when either major autosome is structurally heterozygous (compare AB, CD, EF, 
and GHI). 

4. Furthermore, when two different structural rearrangements of X that give 
equal frequencies of secondary disjunction are employed (/n sc’, In AM and In 
dl-49, In B™ both give approximately 80 per cent X'X-Y)*, then the rate of primary 
nondisjunction is raised to a similar degree by the same autosomal structural hetero- 
zygote (compare AB and CD and EF). 

5. The degree to which structurally heterozygous X’s undergo primary non- 
disjunction is evidently a function of the particular heterozygous combination em- 
ployed within the autosome and not of the autosome involved (cf. AB and CD with 
GH). 

6. The nondisjunction of the structurally heterozygous autosome (Az/A) is 
accompanied by the production of dominant lethals (col. 6). It is very significant 
that the excess of dominant lethals over the corresponding control rate cannot be 
accounted for by dying OY zygotes (which are to be estimated as one-quarter the 
frequency of pondisjunction [col. 9]). This is readily seen by comparing columns 
6 and 9. 

7. Nor can the excess of dominant lethals be accounted for by increased crossing 
over within the heterozygous inversions in X, hence by a class of O-eggs produced 
by 4-strand doubles within inversions. This follows from the fact that male and 
female exceptions are approximately equal in number. Were such O-eggs produced 
in detectable numbers by 4-strand doubles, then the male exceptions should exceed 
the female exceptions, which they do not (col. 8). 

8. The excess dominant lethals are probably produced by a number of factors, 
of which nondisjunction of autosomes is perhaps chief. Although it is possible 
that as few as 2.9 per cent dominant lethals may arise in eggs of In Cy (2L + 2R) 
heterozygotes (Table 1, L6) by 4-strand double exchanges, it is highly unlikely 
that 9.5 per cent dominant lethals (M6) could be thus formed in Jns C(3LR) hetero- 
zygotes, possessing, as the bivalent does, 7-8 consecutive breaks along the mid- 
length. The high frequency of dominant lethals in this case (M6) is held to be due 
in fair or even in chief part to primary nondisjunction of chromosome-3. The con- 
clusion by Sturtevant and Beadle? that structural heterozygosity of X chromosomes 
does not affect their segregation probably cannot be transferred without reserve to 
statements about autosomes. Here the possession by an autosome of two limbs 
must greatly enhance the steric problems of pairing and conjunction in the struc- 
tural heterozygote. 

9. The over-all excess of dominant lethals is taken to come about, therefore, by 
autosomal nondisjunction that gives rise to aneuploid gametes possessing either 
Ai A, or no-A, i.e., for one or both pairs of autosomes. Such gametes would yield 
lethal zygotes only and hence would seem to carry dominant lethals, for normal 
sperm complements could not restore their autosomal deficiency (or excess) to a 
viable combination. That at least some dominant lethals arise in this way has 
been proven by mating Xz/X, In Cy(2L + 2R)/+ by males heterozygous for 
T(2; 3), rn; Gl; Sb. From this cross, individuals that receive from their mother 
both, or neither, 2-chromosome can be recognized, since the 7T(2; 3), rn @ gives 
A?A?, A? sperm as well as no-A’, A* sperm.’ Such autosomal exceptions occur. 
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10. Finally, it is clear that a nonhomologous interaction is not limited to X7/X 
and Az/A and does not involve anything peculiar to X chromosomes, for A*7/A2?, 
A*i/A® also produce a large excess of dominant lethals (cf. Table 1, KLMN). 

The foregoing results, therefore, demonstrate that the predictions from our hy- 
pothesis are in agreement with the experimental facts—namely, that dominant 
lethals are in fact produced when two or more pairs of major chromosomes are made 
structurally heterozygous, that these dominant lethals cannot be accounted for by 
4-strand double exchanges within inversion loops, that nondisjunction of autosomes 
does occur, and that structural heterozygosity of both autosomes gives a large in- 
crease in dominant lethals without increasing the rate of primary nondisjunction of 
structurally homozygous X chromosomes. The postulated mechanism would tend 
to eliminate selectively from the class of viable zygotes those eggs which at meiosis 
had low-rank, or potentially low-rank, tetrads. Conversely, it would accordingly 
give an apparent increase in the proportion of recovered multiple exchanges, i.e., 
an ‘“interchromosomal effect on crossing over.”’ 


SUMMARY 


It has been proved for D. melanogaster that the interactions at meiosis between 
nonhomologous chromosomes that are structurally heterozygous result in the pro- 
duction of dominant lethals as well as of primary nondisjunction. Such interac- 
tions may occur between any two (or three) pairs of structurally heterozygous 
chromosomes and need not involve the X chromosomes. Not only does nondis- 
junction of X chromosomes occur but also nondisjunction of autosomes. It is 
shown that the preponderance of dominant lethals cannot be accounted for by the 
production of eggs deficient in sex chromosomes or by multiple-strand crossing over 
within inverted sequences of either X chromosomes or autosomes. A hypothesis 
that predicted these findings, and which will partially account for an interchromo- 
somal effect on crossing over, is briefly described. 

* This research was supported in part by a grant (G-419) from the National Science Foundation 
and in part by a grant (G-3934) from the National Institutes of Health, Public Health Service, 
to the University of Rochester. Our sincere gratitude is expressed to both organizations. 

1 J. Schultz and H. Redfield, Cold Spring Harbor Symposia Quant. Biol., 16, 175-197, 1952 (a 
general review and interpretation of interchromosomal effects). 

2 A. H. Sturtevant and G. W. Beadle, Genetics, 21, 554-604, 1936. 

3 A. H. Sturtevant, in T. H. Morgan and A. H. Sturtevant, Carnegie Inst. Wash. Year Book, 
43, 164-165, 1944. 

4 Ins dp(2LR) apparently includes also a genetically demonstrable, but cytologically invisible, 
translocation with chromosome 3. 

5 C. B. Bridges and K. Brehme, Carnegie Inst. Wash. Publ., No. 552, 1944. 

6 K. W. Cooper, these PrRocEEDINGS, 34, 179-187, 1948. 

7H. J. Muller, Drosophila Information Service, 27, 106-107, 1954. 





FREQUENCIES OF INVERSION COMBINATIONS IN THE 
THIRD CHROMOSOME OF WILD MALES OF 
DROSOPHILA PSEUDOOBSCURA 


By Cari Epiine, Donato F. Mircueiy, anp R. H. T. Marront 
Communicated by C. L. Hubbs, April 10, 1955 

Chromosome inversions are accurately identifiable in the larval salivary glands 
of Drosophila. They are known to vary in frequency in wild populations and are 
believed to have an adaptive function. Most of the frequencies reported have 
been obtained from the larval progeny of females inseminated in the wild and thus 
represent the frequencies to be expected in the gametes. Dobzhansky and Levene! 
and Levitan? have found that the association of two inversions in the egg to form 
either an inversion homozygote or a heterozygote apparently occurs at random. 
Should selection occur in nature of one class or the other, or of particular combin- 
ations within either class, then the association of inversions in adult flies might be 
expected to deviate from the Hardy-Weinberg (binomial-square) rule. Significant 
deviations would contribute to an understanding of the adaptive function of the 
inversion. These frequencies of inversion combinations in adults are difficult to 
obtain because of the necessity of a mating procedure and greatly increased cyto- 
logical examination, and they have seldom been reported. 

Levitan? has reported briefly on combination frequencies in both male and female 
adults of D. robusta. He found no significant deviations from the Hardy-Weinberg 
rule in the combined data of both sexes, except possibly for the inversions in one 
chromosome, in which the females had an excess of heterozygotes. In most other 
cases he found an excess of homozygotes, which was, however, not statistically 
significant, and he also mentions some unpublished data of Carson and Stalker 
on this species which were similar. He also suggests: * that selection may not act 
equally on both sexes in this respect. Whether it does in D. pseudoobscura and 
whether it acts differentially between inversions are difficult to determine, because 
the females of this species have no diapause, as they have in D. robusta, and means 
of dissemination of the former have not as yet been found. The data for adult flies 
of D. pseudoobscura have therefore been restricted to the inversion combinations 
carried by males. Should there be systematic differences between the sexes of this 


species, then any interpretation of results obtained only from males would obvi- 


ously need to be qualified. 

The chief report of adult frequencies in D. pseudoobscura thus far made has been 
that of Dobzhansky and Levene! on 2,317 adult males. The sixty-six samples 
on which they were based had been collected over a period of ten years, mostly in 
the San Jacinto Mountains,‘ but over a wide area elsewhere, from the mountains 
of the Mojave Desert southward to southern Arizona. Only those in the San Jacinto 
Mountains were in any way systematic, in the sense that they represented samples 
collected monthly throughout the year. The purpose of this paper is to report 
similar observations, made systematically during a three-year period at five coilect- 
ing stations in the San Jacinto Mountains near Los Angeles. 

Adult males were collected at monthly intervals, weather permitting. The 
populations are depleted during winter and at some stations during the hot summer 
months, and adequate samples are frequently unobtainable during these periods. 
Kach male of a collection was mated in the laboratory to a stock homozygous for 
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the Standard gene arrangement. The salivary glands of larvae from each cross 
were examined cytologically, and the third-chromosome combination of arrange- 
ments was recorded. If eight larvae of the cross were found to have the same 
combination with Standard, the wild male was regarded as a homozygote of the 
wild arrangement. The probability of misdetermining a‘ heterozygote for a homo- 
zygote would be !/1.s, which is a negligible factor. 

The data were first analyzed for a deficiency of homozygotes by a ¢ test used by 
Dobzhansky and Levene (see Table 1). This method combines the homozygotes 
into one class and does not discriminate between the frequencies of different 
homozygotes and heterozygotes. Their combined samples from Pifion Flat and 
Keen Camp, with which our own can be directly compared, were composed of 703 
males, collected from May, 1939, to April, 1947. The ¢ values for the deficiency of 
homozygotes at Pifion Flat were positive in only two of their twelve samples, and 
the P value for the deficiency of homozygotes in all the samples is 0.015. The ¢ 
value at Keen Camp was positive in one sample of ten, and the P value for all is 
0.0001. The P value for their combined samples at both stations is also 0.0001, 
indicating, thus, a substantial departure from the Hardy-Weinberg rule and a 
differential survival for the heterozygotes. Furthermore, the P value of the de- 
parture from the expected for samples from their whole area was 10~*, which indi- 
cates a general deficiency of homozygotes at this time. The P value for our com- 
bined samples, on the other hand (Table 1), which include Pifion Flat and Keen 
Camp, is 0.40, indicating that the relative frequencies of the homozygotes and 
heterozygotes did not deviate, on the average, from the expectancies of the Hardy- 
Weinberg rule when samples were more or less regularly made of each successive 
generation during the year. Our data apparently correspond to those of Levitan 
and to those of Carson and Stalker. 

Table 1 is so arranged that comparisons can be made of different stations in 
different years and during spring and summer. For example, at Pifion Flat a nega- 
tive ¢ value will be found for the first six months of 1952 (P = 0.33) and a positive 
value for the last six months (P = 0.06). (Levene’s method takes into account only 
one tail of the curve.) Although the first is a good fit to the expected, the latter 
suggests a possible excess of homozygotes. In 1953 a more suggestive deficiency 
of homozygotes during the first six months is indicated, but no collections of ade- 
quate size were obtained during the remainder of that year. In the first six months 
of 1954, the ¢ value was positive, but no significance can be attributed to this sub- 
sample. The indication of a possible excess is, however, repeated (P = 0.07). 
Therefore, when the data for Pifion Flat are combined, a relatively good fit to the 
expected is indicated from January through June, and a real excess may have 
occurred during the last six months (P = 0.02). Since the deviations during the 
two parts of the year are opposed, the average deviation is not significant (P = 
0.27). 

When all the samples are combined by season and year, as shown in the bottom 
row, the P values suggest that a real deficiency of homozygotes may have existed 
generally in this area during the early part of both 1952 and 1953, and a real excess 
during the latter part of both years. In 1954 the deviations are reversed in sign 
but are not significant. This tendency for seasonal differences is still indicated 
for all three years, but the final P value of 0.40 indicates no deviation on the aver- 
age in the combined samples for this period. The samples of Dobzhansky and 
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Levene from Pifion Flat and Keen Camp, on the other hand, indicate a consistent 
and significant deficiency of homozygotes throughout the year for most of their 
samples, which might indicate a general selective disadvantage for the homozygous 
class. Our data would indicate, at most, a seasonal disadvantage. 

The possibility exists, however, that different homozygotes and heterozygotes 
are differentially selected in the same or in different populations and at different 
times. If so, this might explain the differences among samples found in Table 1, 
and particularly the differences between our results and those of Dobzhansky and 
Levene. We have therefore treated the data in another way in order to obtain this 
information. 

TABLE 2 
FREQUENCIES IN Two ORDINARY SAMPLES OF THE PRINCIPAL INVERSION COMBINATIONS AND 
THE STATISTICAL SIGNIFICANCE OF THEIR DEVIATION FROM EXprEcTED (SEE TExT) 
Aveust 28-31, 1954———— -—————_ SEPTEMBER 24-28, 1954- 

e (zt — e)/2¢ e (x —e)/2¢ 
20.59 +0 .288 20.90 —0. 800 
23.09 + .1038 - 35.76 +0.766 

29.25 rs 442 : 40.11 +0 .079 


STST 
STAR 
STCH 
STTL 
STPP 
ARAR 


4.62 090 34 +0.011 
8.47 261 Ol +(0).249 
».47 498 30 —0.174 
ARCH >. 40 342 33 —(. 126 
ARTL 59 + 506 86 —0. 851 
ARPP . 4.75 175 43 —0.391 
CHCH 39 068 25 +0 .090 
CHTL : 3.28 O78 21 —(0.342 
CHPP ( ».01 623 85 +0 .039 
TLTL 26 255 16 — 2.000 
TLPP 95 490 32 +2.667 
PPPP 87 +0. 070 23 —2. 300 


Total 139 138.99 oe 187 187.06 
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The method of obtaining the frequencies of different inversion combinations is 
indicated for three samples in Table 2. The observed frequencies are shown in 
the first column, those expected by applying the binomial-square rule are shown in 
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the second, and the significance at the 5 per cent level is given in the third. The 
numeral 1.000 in this column indicates a P value of 0.05, the excess or deficiency 
being indicated by the sign. In those instances in which e is less than 5, the sig- 
nificance of the deviation may have been overemphasized. These small numbers 
would not alter the validity of the summations we shall presently refer to. All the 
data are on file. 

The deviations of the six homozygotes and heterozygotes which compose the 
majority in the adults at the three stations at which the most complete series of 
collections were made are graphed in Figure 1. 
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The data for Santa Rosa Mountain and Thomas Mountain, as well as additional 
data obtained in 1955, conform to this graph. Part of these data were presented 
by Epling, Mitchell, and Mattoni.® The base line in this diagram represents the 
expected frequency. The bars, differently shaded to indicate the year of collection 
and arranged according to the date of collection, represent the deviations, either 
plus or minus, in the samples of the combination concerned. A horizontal line 
above, below, or through a bar indicates the 5 per cent significance level and corre- 
sponds to the value 1.000 in Table 2. Summations for each year are shown at the 
right. It would be expected that 5 per cent of the samples would show a significant 
deviation purely by chance and that one of the twenty-odd bars might exceed the 
significance level for this reason alone, with equal chances of its being either defi- 
cient or in excess. This limitation is qualified, however, by the obvious consisten- 
cies of positive and negative values in some of the combinations and by the summa- 
tions as well. The sustained deficiency of STCH, at Pifion Flat and Vandeventer 
Flat, for example, together with the significant deficiencies of several samples, makes 
probable the fact that STCH has actually been deficient in most of these samples. 
This conclusion is enhanced by the fact that the P value for this heterozygote in 
the combined samples at Pifion Flat is 10-> and in those at Vandeventer Flat is 
10-*. ARCH, on the other hand, appears to have been in excess at both stations, 
with a P value at Pifion Flat of 0.01 and at Vandeventer Flat of 0.0001. The 
homozygotes also differ consistently. STST appears to have been in excess at 
least in 1952 and 1953, with a combined P value of 0.03 at Pifion Flat and of 0.015 
at Vandeventer Flat. ARAR, on the other hand, has been deficient, except per- 
haps in 1954. Its combined P value for Pifion Flat is 0.02 and for Vandeventer 
Flat is 0.015. At the same time, STST, ARAR, and CHCH appear from Figure | 
to have been deficient in the early samples at both stations. If we combine these 
samples as indicated in Table 3, we find, however, that the deviations of STST and 
CHCH fit the expected closely, with the strong probability that ARAR was de- 
ficient. 


TABLE 3 


Deviations or STST, CHCH, anp ARAR rrom Expecrep VALUES OF THE HARDY-WEINBERG 
RULE DURING JANUARY, FEBRUARY, AND Marcu atv PINON FLAT 
AND AT VANDEVENTER Fat, 1952-1954 


—-STST——. —CHCH . ———CoMBINED—~ — ARAR —— 
(x — e)/2¢ P (x — e)/2¢ = (x — e)/2¢ a (x — e)/2¢ P 
Pifion Flat +0.003 0.99 —0.372 0.52 —0.053 0.91° —1.090 0.03 
Vandeventer Flat — .295  .56 +1.080 .03 — .040  .94 —1.248 015 
Combined —0.198 0.69 +0.665 0.09 —0.007 0.99 —1.650 0.001 


The conclusion is reasonable that the deficiencies of all homozygotes during 
1952 and 1953, noted in Table 1, may chiefly reflect a deficiency of ARAR and that 
the differences between our data and those of Dobzhansky and Levene can be 
attributed to a similar cause. 

The data disclose a quite different situation at Keen Camp. ARAR was prob- 
ably deficient here also (P = 0.01), and STAR may have been in excess (P = 0.025), 
but for the most part it would appear that the expectations of the Hardy-Weinberg 
rule were generally adhered to. The paucity of early and late samples obtainable 
there may invalidate this conclusion. 
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If we assume that these deviations reflect the action of natural selection, then 
neither homozygotes nor heterozygotes appear to have differed in their average 
responses during twenty generations in the San Jacinto Mountains. At most, 
heterozygotes, as a class, have had only a transient advantage. Particular com- 
binations, such as ARCH, however, appear to have had a continued advantage, at 
least in some parts of the population; others, such as STCH, have been consistently 
discriminated against. Some homozygotes, such as STST, appear to have had an 
advantage; others, such as ARAR, have not. These differences among com- 
binations suggest that each has a particular function in maintaining the fitness of 
the population. If so, any investigation of the role of inversions in these popu- 
lations must be concerned with particular combinations. 

The Standard inversion is presumably the principal determinant of the fitness of 
these populations, so far as inversions are concerned, because of its much greater 
frequency. We shall present evidence elsewhere which indicates that its fluctu- 
ations in frequency are chiefly a function of its homozygote, STST. 

! Th. Dobzhansky and H. Levene, Genetics, 35, 537-547, 1948. 

2 M. Levitan, Genetics, 36, 285-305, 1951. 

3M. Levitan, Evolution, 7, 62-74, 1955. 

4 Andreas, Pifion Flat, Keen Camp; the stations referred to in this and other papers are described 
in Th. Dobzhansky and C. Epling, Carnegie Inst. Wash. Publ., No. 554, 1944, and in C. Epling, 
D. F. Mitchell, and R. H. T. Mattoni, Hvolution, 7, 342-365, 1953. 

5 Op. cit. 


FUNCTIONAL AND SPATIAL PSEUDOALLELISM AT THE 
SINGED LOCUS IN DROSOPHILA 


By W. M. HextTer 
DEPARTMENT OF BIOLOGY, AMHERST COLLEGE, AMHERST, MASSACHUSETTS 
Communicated by A. H. Sturtevant, June 28, 1955 


It has been recently suggested! ? in a symposium on ‘‘Pseudoallelism and the 
Theory of the Gene”’ that within pseudoallelic complexes there will exist as many 
“functional” loci as there are ‘spatial loci’. Attention was paid to the singed locus 
(sn, at 21.0 of the X chromosome; bristles curled)* in Drosophila, where it had been 
shown that sn*, a female-fertile allele, and sn®*, a female-sterile allele, were sepa- 
rable by crossing over and thus exhibited at least some of the properties usually 
associated with pseudoalleles. Further unpublished data (which will be listed 
here) also revealed crossing over between sn* and other female-sterile alleles at the 
singed locus. This evidence was, therefore, suggestive of “two, more or less inde- 
pendently varying attributes (fertility and bristle effects)”’.2 However, additional 
investigations, which will be reported here, indicate that it is not possible to sepa- 
rate the singed complex so simply into one ‘fertile’ locus and one “‘sterile” locus. 

To detect crossing over between the various singed alleles, females with attached- 
X chromosomes were employed.’ The markers used for the test of sn! and sn® 
were eosin (w*, at 1.5), carmine (cm, at 18.9), cut-6 (cf®, at 20.0), and ocelliless 
(oc, at 23.1)* (see Fig. 1). With respect to the tests for crossing over between other 
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singed alleles, some different markers and different arrangements were used. This 
test has become sufficiently familiar® 7 so that the genotype of the females used in 
these other tests will not be indicated by figure but will merely be listed. In all 
tests the males were of the genotype y*!* (yellow), sc* (scute), apr (apricot), B 
(Bar), and /z* (lozenge-spectacled).* This stock will subsequently be referred to 
as FM1. Single females only were tested, and their progeny checked, to establish 
whether the markers were present in the arrangement originally synthesized. 

Singed Mutants Tested. Four singed mutants were tested: sn', sn, sn*, and 
sn‘. Of these, sn! is female-sterile, while the others are all female-fertile. Three 
separate tests were performed: sn‘ versus sn’, sn? versus sn*, and sn‘ versus sn‘. 
The genotype of the test female in the first test is indicated in Figure 1. Inthe other 
tests the genotype of the test female was as follows: one X chromosome had ecm, 
ct®, and sn*. The other X chromosome had either sn? or sn‘, oc, and pentagon-3 
(ptg’, at 23.2).° 








ct®sn*, yt oc 
ec at ae oe 
cen VOC 





wo + +++ OC + om ct® sn sa + 


2 i 
(a)= ‘Yo (b)= YD or 


w+ we + + + sa'+ 


~ 


+ om ct®sn - / +omct® sn + oc 


Fig. 1.—Scheme for detecting crossing over between pseudoalleles sn! and sn* in attached-X 
females. The upper diagram represents the genotype of the attached-X female. The reciprocal 
crossover is designated (a), the nonreciprocal is designated (6), and the corresponding crossover 
products shown below are designated (a) and (b). 


Whenever a female with wild-type bristles was detected, she was individually 
mated to FM/ males to verify whether a crossover had occurred. In addition, 
several singed sisters of the suspected crossover were individually mated to FM1 
males to further verify the genotype of the original mother. This procedure was 
necessary to test the possibility that some of the markers might inadvertently have 
been lost in a previous generation. In a few cases the suspected crossover female 
either did not breed or was lost. Such females were classified as ‘“doubtfuls” with 
respect to crossing over between sn alleles. 

The results of these tests are presented in Table 1. In the last two columns the 
amount of crossing over is expressed in two ways: including the doubtfuls as cross- 
overs (“‘Doubtfuls’’) and not including the doubtfuls as crossovers (‘“‘Not-doubt- 
fuls’”’). It can be seen that crossing over was obtained between sn! and sn’, between 
sn? and sn*, and between sn* and sn*. The last two combinations were inadvert- 
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ently tested twice, and the results for both tests of these two combinations are in- 
cluded separately. If one assumes that sn’ lies to the left of sn', then the reciprocal 
crossover should yield a wild-type female which, on progeny test, should segregate 
w* oc females and em ct® sn* sn' females (see Fig. 1). The nonreciprocal crossover 
should be a w* female, which should segregate w* oc females and w* sn' females. 
These results were realized, leading to the conclusion that the correct order of these 
two genes is sn*—sn'. It is of interest to note that the reciprocal crossover will 
also yield females whose progeny should include flies homozygous for both singed 
genes (em ct® sn* sn'/em cl® sn® sn'). These latter flies were tested and found to be 
fully sterile. Detachment of females w* oc/em ct® sn* sn! was obtained, and the 
cm ct® sn* sn! chromosome was tested with sn* and with sn! for fertility. In the 
former cross (sn* female & cm cf® sn* sn! male) the F; females were fertile. In the 
latter cross (sn'/FM1 female X cm ct® sn* sn! male) the F, singed females were 
sterile. 


TABLE 1 
RESULTS OF CROSSING OvER TESTS BETWEEN sn! AND 8n3, 
sn? AND sn*, AND sn* AND sn? 


AMOUNT OF CROSSING 
——C ROSSOVERS- Tora. -—OveER tn PER Cent— 











ALLELES Reciprocal Nonre- Doubt- Testep Doubt- Not-doubtfuls 
TESTED ciprocal fuls fuls 
sn! and sn 14 25 10 95,783 0.05 0.04 
sn? and sn?: 
(a) 13 15 3 27,593 0.11 0.10 
(b) 5 6 1 18,217 0.07 0.06 
Total, (a) + (b) 18 21 4 45,810 0.09 0.09 
sn‘ and sn: 
(a) 1] 6 1 31,408 0.06 0.05 
(b) 5 9 1 24,183 0.06 0.06 
Total, (a) + (6) 16 15 2 55,591 0.06 0.06 


With respect to the tests of sn? versus sn* and sn‘ versus sn’, it can be stated that 
the order is as follows: sn* to the left of sn?, and sn’ to the left of sn*. This con- 
clusion was reached in a fashion similar to that outlined above, and the genetic 
details will be omitted. It was not possible to test whether females homozygous 
for both singed genes (sn* sn?/sn* sn? and sn* sn*/sn® sn*) were fertile or sterile, as 
these females were homozygous also for ocelliless, itself a female-sterile gene. In 
addition to the genotypes indicated, other genotypes were obtained, due to double 
crossing over. Although the genetic details of these double crossovers wili not be 
listed, it can be stated that all females listed as crossovers were genetically verified. 

It would appear from Table 1 that the probability of a crossover between sn* 
and sn? is about twice as great as the probability of a crossover between sn* and 
sn'. When this was tested statistically, the following results were obtained. In 
testing the frequency of crossovers in the sn*-sn! test versus the frequency of cross- 
overs in the sn*-sn? test (counting the doubtfuls as crossovers for both tests), a 
chi square of 8.69 was obtained, with p < 0.05. If the doubtfuls were not counted 
as crossovers in both tests, a chi square of 12.06, with p < 0.05, was obtained. 
Both these analyses would suggest that the crossover frequency of sn*-sn? is statis- 
tically different from the crossover frequency of sn*-sn'. To test this still further, 
a chi-square analysis was made on these two experiments in which the doubtfuls 
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were included for the sn*-sn' test (making the crossover frequency a maximum) 
and were not included for the sn*-sn? test (making the crossover frequency a mini- 
mum). The chi square of this test was 6.45, with a p value less than 0.05. There- 
fore, the conclusion of a true difference in crossover frequency between the two 
tests seems justified. 

Chi-square analyses of possible differences in crossover frequency between the 
tests of sn®-sn' and sn*-sn* and of sn*-sn? and sn*-sn‘* yield chi squares of 1.72 
and 3.57, respectively (in both anabyses the doubtfuls were not classified as cross- 
overs), with p > 0.05 for both. 

Discussion.—The above crossing over studies clearly substantiate the previous 
report* that singed represents a pseudoallelic locus. Typically associated with 
pseudoallelic loci is a position effect. Thus sn* +/+ sn! results in flies which are 
phenotypically singed, while sn* sn'/+ + flies are wild type. This position effect 
can be readily interpreted according to the model of gene-controlled sequentially 
related biochemical reactions proposed by Lewis.’ This model assumes that one 
of the genes controls a step A —~ B and the other gene controls the step B > C. 
A sufficient amount of C is necessary for normal bristles. In flies which are sn* 
+/sn! + the reaction A > B— C is blocked at different steps in both chromosomes, 
and thus C is produced in insufficient quantity, resulting in abnormal or singed 
bristles. In flies which are sn* sn'/++ the wild-type chromosome permits syn- 
thesis of sufficient C to result in wild-type flies. 

The interest in the singed locus, however, lies not in the fact that it has been pos- 
sible to demonstrate spatially discrete loci but rather in the possibility that the 
various singed “‘alleles’’ represent two independent gene functions: namely, a 
bristle effect and a fertility effect. The early results which indicated that in each 
case a fertile allelle crossed over with a sterile allele led to the proposition that the 
singed locus consisted not only of spatially discrete genes but also of functionally 
discrete genes." ? This could be schematically represented by saying that there is 
a “fertile” locus and a “sterile” locus. The results presented here, however, 
demonstrate that this is not the case, as sn? and sn‘, both fertile alleles, cross over 
with sn’, also a fertile allele, indicating clearly that fertile alleles can exist at either 
one of the two postulated singed loci. 

The difference in crossover frequency between the test of sn*-sn' and sn*-sn? is 
suggestive of a third locus. The most direct test of this would, of course, be an 
analysis of crossing over in females heterozygous for these two alleles, and such 
stocks are now being synthesized. Should a third locus be revealed, then the hy- 
pothesis of functional loci corresponding to spatial loci must be re-examined, for 
it might be that all the sterile ‘alleles’ are true alleles at one locus and that there 
are yet two other loci, both possessing fertile alleles. These two sets of alleles oc- 
cupying the two fertile loci might differ functionally from one another at a pheno- 
typic level not yet detected. As the data now stand, however, the simplest hy- 
pothesis would be two loci, with sn* occupying the left locus and sn', sn?, sn‘, and 
s™* as true “alleles” at the right locus. 

The singed locus still offers ample material for exploitation, for, in addition to the 
alleles already mentioned in this paper, there are still others, both fertile and sterile, 
to be tested. Not only will these tests permit an evaluation of the number of loci 
present within the singed complex, but they will permit a further analysis of the 
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phenotypes resulting from other combinations of two (or more) singed genes on 
one chromosome and thus hold some promise of providing an answer concerning 
the function of the singed pseudoalleles. However, in the absence of these further 
tests, the evidence here reported gives no support to, nor does it disprove, the con- 
cept of functionally discrete genes at the singed locus. 

Summary.—Conclusive evidence is presented for pseudoallelism at the singed 
locus in D. melanogaster. The female-fertile allele sn* crossed over with sn', sn?, 
and sn‘. Since the latter two genes are also female-fertile, it is clear that the hy- 
pothesis of two spatially discrete loci representing also two functionally discrete loci 
is not supported, if one bases function solely on fertility and sterility. The possibil- 
ity that further tests with the many singed alleles will provide an insight into the 
functional relationships of these genes is discussed. 

1M. M. Green, Am. Naturalist, 89, 65-71, 1955. 

2 KE. B. Lewis, Am. Naturalist, 89, 73-89, 1955. 

3C. B. Bridges and K. 8. Brehme, Carnegie Inst. Wash. Publ., No. 552, 1944. Further de- 
scriptions of these mutants and of all other mutants mentioned in this article may be found in 
this work. 

4P. T. Ives and D. T. Noyes, Anat. Record, 111, 565, 1951. 

5 The author is indebted to Drs. E. B. Lewis and M. M. Green for kindly supplying the neces- 
sary stocks. 

6 —. B. Lewis, these ProceEpINGs, 38, 953-961, 1952. 

7M. M. Green, these PRocEEDINGS, 40, 92-99, 1954. 

8’ Ek. B. Lewis, Cold Spring Harbor Symposia Quant. Biol., 16, 159-174, 1951. 


A MODEL FOR INTRACELLULAR TRANSFER OF DNA (GENE) 
SPECIFICITY* 


By Luoyp 8. Lockincent AND A. Gin DeBusxt 
GENETICS FOUNDATION, DEPARTMENT OF ZOOLOGY, UNIVERSITY OF TEXAS, AUSTIN, TEXAS 
Communicated by T. S. Painter, August 2, 1955 


INTRODUCTION 


It has been suggested that deoxyribonucleic acid (DNA) is the primary genetic 
substance. Recent chemical and physical approaches, and model-building, have 
led to the conclusion that DNA is composed of aggregates (minimum chemical 
units) of relatively short (20-100 nucleotides) unbranched polynucleotide chains 
arranged in the form of a double helix, having the appearance of two polynucleotide 
chains which are tied together by hydrogen bonds between specific pairs of purine 
and pyrimidine bases. DNA structure has been used as the basis for speculation 
about the replication of the genetic system and the determination of protein 
specificity. It is the purpose of this communication to present the following 
hypothesis relating the DNA of the genetic system to protein and enzyme speci- 
ficity: 

The principal pathway for the determination of gene-controlled enzyme and protein 
specificity is by the synthesis of specific RNA moieties containing linear arrays of 
purine and pyrimidine bases determined by the hydrogen bonding of ribose nucleosides 
or nucleotides to the purine and pyrimidine bases of the chromosomal DNA. 
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The physical, chemical, and biological evidence upon which this hypothesis 
rests will be discussed after the model system is presented. 
DESCRIPTION OF THE MODEL 
Figure 1, a, represents a section along the length of a DNA molecule (helix) 
as described by Watson and Crick!~* and modified by Dekker and Schachman.‘ 


As shown in Figure 2, it consists of chains of specific purine and pyrimidine bases 
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Fig. 1.—Model for intracelluar transfer of DNA specificity 


(A-T, G-C) paired by hydrogen bonding, attached to deoxyribose sugars (5S), 
which are in turn linked through phosphate (P) diesters. It may be seen that 
an occasional interruption of this latter linkage occurs, represented in the figure 
asa break. These breaks in the two chains appear to be staggered relative to one 
another. Such a structure results in a polynucleotide chain which is an intact 
chemical unit but is bound to the remainder of the nucleic acid molecule only 
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through hydrogen bonds. These units between breaks have been referred to as 
“minimum chemical units’ (MCU).4 There is reason to believe that, in the 
chromosome, the DNA is reinforced by proteins which serve to bridge the breaks 
between DNA minimum chemical units, as illustrated in Figure 1, b. (Such a 
“hinge” mechanism would appear to be necessary in order to maintain minimum- 
chemical-unit association during replication.) 
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Fig. 2.—Schematic diagram of a cross- 
section of a Dekkar and Schachman DNA Fig. 3.—Specific pairing of ribonucleosides 
minimum chemical unit. Detailed en- to the DNA bases. 
largement from Fig. 1, a. 


The first step in specificity transfer (Fig. 1, ¢) requires breaking the hydrogen 
bonds attaching a DNA minimum chemical unit and removing the MCU, resulting 
in a gap in one half of the dual helix. This unit probably would be retained 
through the protein hinge attachments. 

Although this “removed” unit might itself serve to confer specificity, an alternate 
scheme will be described. Figure 1, d, represents the filling of the gap left by the 
ejected MCU by ribose nucleosides which are positioned through hydrogen bond- 
ing, the sequences being illustrated in Figure 3. 
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As shown in Figure 1, e, the nucleosides are phosphorylated, followed by esteri- 
fication through the 3’—5’ linkages. This results in a unit of RNA, the structure 
of which has been determined by its DNA counterpart. Figure 1, e, now represents 
a “hybrid” helix containing both DNA (primary genetic material) and RNA 
(secondary genetic material). 

The “templated” RNA unit is ejected (Fig. 1, f) and is probably ultimately 
combined with other RNA units which serve as the secondary genetic material 
acting to confer protein (enzyme) specificity. 

Gale and Folkes,® ® Gale’ and Spiegelman, and Halvorson and Ben-Ishai* have 
presented convincing evidence (to be discussed later) for the role of newly syn- 
thesized RNA in the synthesis of specific enzymes as illustrated in Figure 1, g. 
It is hoped that the model presented here will serve to relate these enzyme studies 
to the models previously described for DNA structure, i.e., to relate the genic 
structure to the enzyme-synthesis mechanism. This model allows for the formation 
of a specific RNA molecule containing a linear array of bases determined by the genetic 
DNA. 


SUPPORTING EVIDENCE 


There is, of course, no direct evidence which can be considered definite proof that 
specific RNA moieties are synthesized by a process of the kind described. There 
is, however, much evidence which can be interpreted to support the proposed system. 
This evidence has been classified under different headings. Certain alternatives 
to the detailed model system are considered with the evidence presented. 

1. Structure and Components of Nucleic Acids——All the available evidence 


about the structure of the nucleosides and nucleotides indicates that the sugar- 
base linkages are the same, regardless of whether the sugar is ribose or deoxy- 
ribose.’ It is rapidly becoming clear that the internucleotide linkages are 3’—5’ 
in both nucleic acids*’-" and that uracil exists primarily as the keto tautomer,'” 
implying that its nucleotide configuration is analogous to that of thymine. In 
fact, Rich and Watson" consider uracil equivalent to thymine for pairing purposes. 
This evidence indicates that single polynucleotide chains of either nucleic acid can 
exist in configurations such that they can be hydrogen-bonded to their complements 
to form helices. 

The helical configuration of sodium deoxyribonucleate has been established 
beyond reasonable doubt by X-ray diffraction studies, !*~—'* as has the configuration 
of the DNA in sperm heads,'* nucleoprotamines,'* and the T, and T, bacterio- 
phages. !* 16 

Watson and Crick! do not believe that their model could be built with a ribose 
sugar, owing to steric hindrance of the 2’ hydroxyl group in ribose. This argument 
must be re-examined with regard to the structures of both DNA and RNA, for the 
following reasons: 

a) The claim has been made that the Watson and Crick model does not agree 
in detail with the interpretation of X-ray diffraction data." '® 

b) DNA is not a fixed structure. It has been reported” that sodium deoxy- 
ribonucleate can be reversibly stretched along the molecule axis to a length nearly 
50 per cent greater than the least-energy length. Reversible swelling perpendicular 
to the molecule axis has also been reported." 
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c) The length of the DNA molecule is such that folding or coiling is required | 
to accommodate it into the Feulgen-positive body of certain Escherichia coli. H 
d) The X-ray diffraction studies of the T, and T, bacteriophages have been 
interpreted as indicating a DNA structure similar to that in the nucleoprotamine;"* 
PNY yet it has been found that certain T, bacteriophages contain glucose, which appears 
to be esterified to the 5-hydroxymethy! group of 5-hydroxymethyleytosine (HMC).'® 
Other evidence indicates that glucose is present on a mole-for-mole basis with HMC 
in T, bacteriophage and that glucose is also present in the T, and T, phages. Analy- 
sis of the DNA of certain phages gives phosphorus-to-sugar ratios greater than that 
Vy expected on the basis of the Watson and Crick model.” 
; This evidence indicates that there is as yet no reason to believe that RN A’s cannot 
i be formed by the process described. 
2. Molecular Weights of Nucleic Acids.—DNA’s extracted by mild procedures 
give diverse molecular weights, ranging from 0.8 X 10° to 8.0 K 108.4 !% 2! Some of 
this variation is due to methods of measurement.‘ Even so, there seems to be no 
1) reason to expect the primary genetic material to possess a uniform molecular weight; 
i in fact, variation in molecular weight could be expected as one of the forms of 
genetic variation. 
} If DNA is heated for a short period at 100° C., the molecular weight drops from 
' | 5 X 10° to 5 X 10‘, the products being within the molecular-weight ranges of RNA. 
\ i Titration experiments reveal one terminal phosphoryl group for every thirty to 
fifty nucleotides, equivalent to a monoesterified phosphate group at intervals, in 
f terms of molecular weights, of from 0.9 & 104 to 1.5 X 104. Dye-binding experi- 
} i ments lead to included elements of molecular weights from 0.9 X 10‘ to 3.0 X 104. 
tp! From this and other evidence, Dekker and Schachman‘ conclude that “DNA is an 
Wh aggregate of fragments of smaller molecular weight held together by co-operative 
| | action of many hydrogen bonds.” They conclude, further, that these minimum 
it chemical units in DNA have an average molecular weight of 1.5 & 10‘, and by 
{| calculation from their data a range of weights from 0.6 X 10‘ to 5.0 X 10¢ is ob- 
f tained. | 
| We may compare with these values the molecular weights given for RNA, which 
I range from 1.31 X 10° to 2.9 < 105, with the range from 0.5 X 10* to 7.0 x 104 
| predominating.- This range of molecular weights of RNA is almost exactly equal 
i to the range of molecular weights of the DNA minimum chemical units, and when 
Vy consideration is given to the fact that sources of experimental materials in these 
molecular-weight determinations were somewhat restricted, this correspondence of 
values seems quite remarkable. This evidence strongly indicates that the chain 
WW lengths of the RNA molecules are equivalent to the chain lengths of the DNA 
} minimum chemical units. Such a one-to-one correspondence between the DNA 
a minimum chemical unit and the RNA molecule is consistent with the mechanism 
ff for synthesis of specific RNA moieties presented above. 
| ' 3. Biochemical Evidence-—Probably the most decisive biochemical evidence in 
Ply support of the hypothesis presented lies in the work of Gale and Folkes.2~? Certain 
| cell-free fractions of Staphylococcus aureus were used, supplemented with energy 
sources (adenosine triphosphate and hexose diphosphate) and various synthetic pre- 





cursors (amino acids, purines, and pyrimidines), as well as DNA and RNA prepara- 
} | tions. The results obtained, in terms of enzyme synthesis, are summarized as follows: 
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a) Relatively intact cell fractions gave optimum enzyme synthesis from free 
amino acids when nucleic acid precursors (purines and pyrimidines) were present. 
In this case supplementary RNA and DNA had no effect. 

b) Highly disrupted cell preparations gave optimum enzyme synthesis from free 
amino acids and nucleic acid preparations when DNA was present. Deoxyribonu- 
clease (DN Aase) abolished the response to nucleic acid precursors, and ribonuclease 
(RNAase) reduced enzyme synthesis. Synthesis could be restored by adding more 
DNA from S. aureus. DNA obtained from other species was inactive. 

c) Synthesis of DNA was not required for enzyme synthesis, but newly syn- 
thesized RNA was essential and preceded enzyme synthesis. Thus only the pres- 
ence of DNA was essential for optimum enzyme synthesis. 

These results can be described by the following diagram : 


DNA 
Purines and pyrimidines + Energy ————> RNA 
Amino acids + RNA + Energy ———> Protein + Inactive RNA 


Such a biochemical sequence of events is entirely consistent with the hypothesis 
presented in this cemmunication. 

Gale and Folkes”? have also been able to show that di- and trinucleotides are 
specific for the incorporation of amino acids into proteins, the dinucleotide of adenine 
and cytosine being 110 times as active as RNA for the incorporation of aspartic 
acid by exchange with the aspartic acid of existing proteins. This is the first clear 
evidence for the requirement for a precise linear array of purine and pyrimidine 
bases in RNA in order to obtain a specific protein. On the basis of available evi- 


dence, there appears to be no logical source for a new linear array of RNA bases 
other than the DNA of the genetic system. The synthesis of specific RNA’s by the 
method proposed in this communication is consistent with these findings. 

Working with Polytomella caeca in steady-state cultures, Jeener?* has shown that 
the rate of total protein synthesis is proportional to the quantity of RNA present in 
excess of a basal minimum. Gale and Folkes* 7 have shown that RNA synthesis 
precedes enzyme synthesis. Continuous synthesis of RNA is necessary for en- 


zyme synthesis in certain cases.® 

There is good agreement among investigators working on the incorporation of 
radioactive precursors of RNA that the specific activity of the nuclear RNA is 
greater than the specific activity of the RNA of other cell fractions.** 

Gamow” and Schwartz have proposed pathways for the determination of pro- 
tein specificity by the positioning of amino acids on the DNA helix. Much bio- 
chemical evidence points to RNA as the active agent in protein synthesis, and the 
fact that new proteins can be synthesized® 7 in the absence of DNA negates that 
part of their argument relating to the helical configuration of DNA as the source of 
positioning specificity. These speculations as to the determination of protein speci- 
fieity need not be dropped from consideration, however, for the same kind of argu- 
ment used by these authors could conceivably apply to RNA or to the formation 
of nucleoprotein complexes. 

4. Cytological—There are a great number of cytological reports which point 
to a synthesis of RNA in association with DNA. Two of these are particularly 
interesting and will be considered. 
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Gall” has recently presented an analysis of the ultra-structure of “lampbrush”’ 
chromosomes. These chromosomes appear to consist of loops attached to a central 
“knobby” axis, the “knobs” of which are often attached by very fine connections. 
The loops do not appear to be present in all cell stages. The central axis has been 
shown to consist primarily of DNA, whereas much RNA is associated with the loops. 
Further analysis has revealed that the loops are part of a continuous strand of 
DNA material, and the axis is not unlike the loops in fine structure but exists only in 
a highly constricted state. Thus the lampbrush chromosome appears to consist of 
two strands of DNA-staining material, which in certain areas are in a constricted 
state but in others appear as thin threads, these threads being an area associated 
with high concentrations of RNA. The loops appear only at certain stages in cells 
with high synthetic capacity; thus the loops would appear to be the logical region 
for greatest gene activity within the chromosome. It would not seem to be coinci- 
dental that this is also a region containing much RNA. 

Breuer and Pavan® have obtained microscopic preparations of the polytene chro- 
mosomes found in the salivary glands, Malpighian tubules, and intestines of the 
larvae of Rhynchosciara angelae. At specific stages in development, certain identi- 
fiable chromosomal bands increase in size, seem to accumulate DNA, and form a 
structure which contains RNA as determined by staining specificity. The chromo- 
somal band returns to its normal appearance, and the RN A-containing structure is 
eliminated from the chromosome. Specific bands in the chromosomes of the differ- 
ent tissues show this action at predictable stages of development, and, in the ab- 
sence of concrete proof to the contrary, this must be accepted as the action of specific 
genetic loci at different times in development. 

This phenomenon is not inconsistent with the hypothesis stated. Its explanation 
may, however, require a step prior to RNA synthesis, in which nonchromosomal or 
nonpermanent DN A is synthesized. 


RELATIONSHIP OF MINIMUM CHEMICAL UNITS TO DNA REPLICATION 


If it is supposed that DNA is the primary genetic substance, it becomes necessary 
to examine the mechanisms of DNA replication and to relate, if possible, the struc- 
ture of DNA to the synthesis of the secondary or working genetic substance, RNA. 
Several replication mechanisms have been suggested,” ?° and problems involved in 
replication have been discussed.2 These mechanisms appear to have been de- 
veloped without knowledge of certain physical characteristics of DNA.‘ It is quite 
apparent that the basis for the hypothesis contained in this communication rests on 
the breaks in the DNA chains. On the basis of the evidence discussed by Dekker 
and Schachman,‘ it must be assumed that the breaks do exist. The existence of the 
breaks in at least some of the molecules clearly means that the two broken chains in 
the DNA helix are not exact complements of each other, for, in order for the two broken 
chains to be complementary, it would be necessary for the breaks to occur at exactly 
the same points in both strands relative to the axis of the molecule. Figure 4 
illustrates schematically part of a DNA helix containing four breaks and two 
minimum chemical units. In order for the MCU in the D strand to have an exact 
complement, it would be necessary for the D’ strand to be broken directly opposite 
the breaks numbered 2 and 4. If these breaks occurred as required to make the 
two strands exact complements, the DNA molecule would fragment® when proteins 





' 
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were removed from the system, and helical DNA units with molecular weights 
double the weights of the MCU would prebably be formed. There would be no 
chemical bonds to hold these minimum chemical units together in an end-to-end 
configuration. This is contrary to the evidence, however, and the breaks must be 
assumed to be spaced in =.ch a way that they do not occur in the two strands at 
opposite points; this, in warn, means that the two strands are not complementary if 
the breaks exist. 

A molecule such as that illustrated in Figure 4 cannot be replicated solely on the 
basis of the hydrogen bonding of new deoxyri!»..aucleosides to the bases of the old 
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Fic, 4.—Single-step replication; original DNA molecule at left, two replication 
products at right, illustrating the change in position of breaks and probable loss of 
macromolecular integrity. 


chains, although this is sufficient as a basis for forming the complements of the mini- 
mum chemical units. Suppose, as has been done, that the helix does split and that 
deoxyribonucleosides are hydrogen-bonded to the bases of the existing strands, 
phosphorylated, and the 3’—5’ linkages completed. The result would be the for- 
mation of the complements of the original MCU, and the breaks in the system 
would be directly opposed. This new system would fall apart, as previously de- 
scribed, if the proteins were removed, and this mechanism would not in this case 
lead to the exact replication of the primary genetic substance without additional 
steps. 
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It would appear that the replication of the DNA molecule is more complicated 
than originally described, if consideration is given to the replication of the breaks. 
The “autocatalytic” reproduction of the genetic system seems to require a double 
template system or a two-step process to account for the replication of the breaks, 
if the hydrogen bonding of nucleosides or nucleotides is the principal pathway by 
which linear arrays of bases are arranged in specific sequence in synthesis. 





DISCUSSION 





{ There are numerous hypotheses suggesting a template system for protein syn- 
thesis. One such hypothesis which has been described in greater detail*! suggests 
that DNA serves as a template for RNA synthesis and that the new RNA serves as a 
template either for protein synthesis or for the synthesis of more RNA. It is rapidly 
becoming established that RNA does serve as an essential element in certain protein 
) syntheses.” * ?? It seems apparent that the source of such RNA specificity for a 

protein, the gene for which is introduced through the male gamete, must lie in the 
| structure of the DNA minimum chemical unit. The only structural feature of 

DNA which it seems to possess in common with RNA is the linear order of purine 
and pyrimidine bases of the minimum chemical units. It seems to follow that the 

simplest hypothesis as to the origin of specifie RNA molecules is one that is based on 
complementary hydrogen bonding of the purine and pyrimidine bases. This is the 
hypothesis offered. 

The recent work of Benzer*? on the fine structure of a genetic region in bacterio- 
phage indicates that a phenotypic expression can be obtained from as few as a 
“dozen nucleotide pairs.”” This is of the same order of magnitude as the 20-100 
nucleotides of the Dekker and Schachman‘ minimum chemical unit. 

The application of the proposed mechanism to the problem of differentiation 
: would seem to be in order. Logically, the simplest mode of differentiation would 
allow only a limited number of special groups of genes to act in the different cells. 
However, there is evidence that a complete set of genes is contained in each cell, in 
i most cases, no matter what its special activity may be. In the hybrid molecules, if 
1h genes are expressed only within the molecular areas in which DNA is matched in 
the helix with RNA, a system results which is capable of limiting the action of genes 
a) in a given cell. Exactly what determines (if the phenomenon is not random) 
which genes are “exposed” by the introduction of RNA is not at all apparent. 

No attempt is being made to relate the DNA molecule to chromosomal structure. 
\ It is hoped that further analyses of isolated chromosomes, combined with the 

expanding knowledge of RNA specificity as a basis for protein synthesis, will pro- 
vide a firmer foundation for speculation as to the structure of chromosomes at the 
macromolecular level. 
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FURTHER EVIDENCE OF ABERRANT RECOMBINATION IN 
NEUROSPORA* 


By Mary B. MircHe.u 


KERCKHOFF LABORATORIES OF BIOLOGY, CALIFORNIA INSTITUTE OF TECHNOLOGY, 
PASADENA, CALIFORNIA 


Communicated by G. W. Beadle, September 13, 1955 


Wild progeny from intercrosses of pyridoxine mutants have been found in 
tetrads showing irregular segregation of one or the other of the mutants.' These 
wild types therefore appear not to be true recombinants arising from crossing over 
between the mutant genes. Earlier, individuals of the genotypes expected to re- 
sult from two- or three-strand double crossovers involving the regions adjacent to 
the locus of a pyridoxine mutant had been obtained with surprisingly high fre- 
quency from marked crosses between this mutant and its wild allele.? Since the 
frequency was very nearly that with which wild offspring were obtained from 
intercrosses, the possibility was considered that the apparent double-crossover re- 
combinants might be due not to ordinary crossing over but to the mechanism which 
operates in the intercross. That these apparent recombinants also are found to 
accompany abnormal segregation is shown by the experiments reported here. 

Apparent Double-Crossover Recombinants among Random Spores.—The mutants 
used here are as follows: pyr 1 (263), pyrimidine; pdx (37803), pyridoxine; pdxp 
(39106), pyridoxine, pH-sensitive; co (70007), “colonial”; arg (33442), arginine; 
pyr 3 b (37815), pyrimidine, temperature-sensitive. The gene order? has been 
shown to be centromere—pyr 1—pdx or pdxp—co—arg—pyr 3. 

Unexpectedly frequent double-crossover types were first observed from the 
crosses pyr 1 + co X + pdx + and pyr! + + X + pdxco. Later the same effect 
was found when pdx was replaced by pdxp. Frequencies of types classified among 
germinated spores on minimal agar plates are given in Table 1. (Pseudo-wilds* 


TABLE 1 


pyr and pdr ‘Double Single 
or pdxrp Crossovers’’ Crossovers 
pyr 1 + co X + pdx + 14,748 (=F +-F is (+ + co) 108 
pyr 1 + + X + pdx co 16,523 (+ + co) 11 (+ + +) 140 
pyr 1 + co X + pdxp + 15,060 (+++)14 (+ + co) 38 
pyr1++ X + pdzxpco 12,792 (+ + co) 11 (+ + +) 72 


are counted as mutants here and throughout.) The single crossovers here give as 
a measure of the distance pyr 1 to pdx or pdxp from 0.5 to 1.7 units. The distance 
pdx or pdxp to co, is not given but has been found to be 3-4 units in other crosses. 
Therefore, the appearance of nearly 0.1 per cent double-crossover progeny is sur- 
prising, particularly when this behavior is compared to that found in the crosses 
co + pyr 3 X + arg + and + + pyr3 X coarg+. Here the distances found are 
somewhat shorter, co to arg being about 0.2 to 0.5 and arg to pyr 3 about 2.5 to 
3.5 units, but there is no indication of a coefficient of coincidence greater than 1, 
since, among 25,187 spores, only one double-crossover type appeared. 

In order to obtain the frequencies of apparent double crossovers in the two cases 
from the same cross, pyr 1 + co + pyr 3 X + pdx + arg + was examined. It was 
found that plating spores on different media and at different temperatures made it 
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possible to classify among random spores at least one recombinant resulting from 
single crossovers in each of the four marked regions and also from two-strand and 
one kind of three-strand double crossovers, except in regions 2 and 3 (pdx to co 
toarg). Frequencies of recombinants thus classified are shown in Table 2. Classi- 


TABLE 2 

Per Cent 
Region 1 + +co+ pyr 3 142 in 17,809 = 0.80 
Region 2 ’ r 383 in 17,084 = 2.2 
Region 3 yr 3 26 in 10,380 
Region 4 [ 5 191 in 10,881 
Regions 1 and 2 31 in 17,084 
Regions 1 and 4 o+ + 12 in 39,317 
Regions 2 and 4 6 in 11,342 = 
Regions 3 and 4 1 in 21,722 = 0.0046 
Regions 1, 2, and 3 yr : lin 28, 189 = 0.0035 
Regions 1, 2, 3, and 4 “+ 0 in 50,412 


: toi i 


0.2 
1.8 
0.17 
pale 
0.053 


fications of the recombinants among germinated spores were made under the fol- 
lowing conditions. 


++ co+ pyr 3: Minimal at 25°C. At this temperature pyr 3 grows, without 
added pyrimidine, almost as rapidly as wild. 

pyr 1 ++ (arg) +: Minimal plus arginine at 35° C. Mutant pyr 1 grows more 
on minimal than does pdz or pyr 3, and sufficiently so that co can be classified. Tests 
for arg were not made, since no pyr 1 + + + + recombinants were found among 
10,881 spores on minimal without arginine at 35° C. 

+ pdx + + pyr 3: Minimal plus pyridoxine at 25° C. Progeny which showed 
a wild or nearly wild phenotype were isolated and tested for the presence of pdx and 
pyr 3. 

pyr1+co+-+: Minimal at 35° C. 

+ + + (arg) +: Minimal plus arginine at 35° C. Tests for arg were again 
not made, since no + + + + + recombinants were found among 50,412 spores. 

+ + co + +: Minimal and minimal plus arginine or pyridoxine at 35° C. 
Those found on supplemented media were isolated and tested. 

+ pdx co + +: Minimal plus pyridoxine at 35° C. These were isolated and 
tested for pdx. 

+ pdx + + +: Minimal plus pyridoxine at 25° and 35° C.—isolated and 
tested. 

+ + + + pyr 3: Minimal plus arginine or pyridoxine at 25° C.—isolated and 
tested. 

From the frequencies of these recombinants the coincidence was calculated as 
shown in Table 3. The apparent difference in behavior in regions 1 and 2 as com- 


TABLE 3 
-—DovuB_Le Crossovers— -~DovuB.Le Crossovers— 
(PeR Cent) (Per CENT) 
Reeions Expected Observed Coincidence Reaions’ Expected Observed Coincidence 
land2 0.096 0.34 3.5 2 and 4 0.18 0.11 0.6 
land4 0.076 0.060 0.8 3 and 4 0.02 0.0092 0.5 


pared to that in regions 3 and 4 seemed large enough to justify a search for the 
+ + + arg + type in complete tetrads. 
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Apparent Double-Crossover Recombinants in Tetrads.—From the crosses + pdx 
co X pyr 1 + + and + pdx + X pyr 1 + co, about 379 asci had previously been 
examined,” but no “‘double-crossover” types were found in 153 asci in which germi- 
nation was complete. From pyr 1 + co + pyr3 XK + pdx + arg +, 326 asci were 
dissected, and germination was complete in 246. Among these, two found to con- 
tain + + + arg + were as shown in Table 4. From each tetrad the three segre- 


a 


~ 


— - 


TABLE 4 
| Spore pair | + ++arg+ a pyr1+ co+pyr3A 

d Spore pair 2 + pdr+arg+ A pyrt1+ co+pyr3A 

I Spore pair 3 pyr! + co + pyr3a + + +arg + a 

ay Spore pair 4 pyr! + co +pyr3A + pde+arg + a 


gants not showing pdx were crossed to wild in order to see whether the mutant was 
present and suppressed, but pdx was not recovered from any of the crosses. Nor 
‘an the failure of pdx to appear, as expected, in two of the four spore pairs be ex- 
iY) plained in terms of ordinary back-mutation, since, among 39,651 spores from the 
| cross pdx X pdx, none was found to be wild with respect to pdz. 

The fact that in both tetrads found to contain + + + arg + there had been a 
change from pdx to + suggests that the bulk of the apparent double-crossover re- 
combinants found among random spores may be accounted for not by double cross- 





i 


: 5 Spee ape 
— 


i! ing over but by this change. 

Kighty-four of the above 246 tetrads were tested in such a way that those show- 
val ing single crossovers in regions 1, 2, 3, and 4 could be detected. Three showed a 
} crossover in region 1, six in region 2, one in region 3, and four in region 4. These 
| were isolated and tested and found to be completely regular with respect to segre- 

gation of all five markers. 


ae 


i) 
| } Conclusions.—It has been found that, in the intercross pdxp X pdx, pdx and pdxp 
| | appear to become wild with a frequency of about 0.2 per cent. In the crosses 
pdx X pdx and pdxp X pdxp, on the other hand, they either do not become wild or 
Lai do so much less frequently. From the results reported here it appears that pdx 
i} becomes wild, or is “converted’’! to wild, in + X pdx and that this is likely to be 
true of pdxp also, although the change has not been observed in tetrads. It also 
appears that the near-by mutant arg either does not become wild in + X arg or 
does so with a much lower frequency than pdx. 
WW A discussion of these observations will be given elsewhere, in connection with 
some further results from the intercrosses. 
* This work was supported by funds from the United States Atomic Energy Commission. 
ei 1 Mary B. Mitchell, these PRocEEDINGS, 41, 215, 1955. 
| 2M. B. Mitchell and H. K. Mitchell, these ProceEpInGs, 40, 436, 1954. 
3’ Thad H. Pittenger, Genetics, 39, 326, 1953. 
F 4C.C, Lindegren, Science, 121, 605, 1955. 
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A DISCREPANCY BETWEEN CALCULATION AND MEASUREMENT 
OF SUBMARINE ILLUMINATION 
By ExizapetH M. KAampa 
SCRIPPS INSTITUTION OF OCEANOGRAPHY, * UNIVERSITY OF CALIFORNIA, LA JOLLA, CALIFORNIA 
Communicated by Carl L. Hubbs, August 5, 1955 
An investigation of the behavior of the sonic-scattering layer in the region of the 
San Diego Trough has proved that it is closely associated with the degree of sub- 
marine illumination.' This finding could not have been predicted by extrapolating 
from light measurements made in surface layers in this area. Such measurements 
were made by Richardson? with a sodium-vacuum phototube at midday in August, 
1930 (Fig. 1, broken line). Extrapolation from these data would yield values of 
light intensity indicated by the open circles in Figure 1. 
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Fic. 1.—Decrease of light intensity with depth in the San Diego Trough. The 1930 data are 
taken from Richardson. The sonic-scattering layer was detected with an EDO echo-sounder. 


The development of multiplier phototubes and their recent incorporation into 
submarine photometric techniques have made such extrapolation unnecessary. The 
penetration of daylight into Californian coastal waters is being studied by means of 
highly sensitive submarine photometers designed by James M. Snodgrass, of 
Scripps Institution.* Each employs a 931-A photomultiplier tube and is equipped 
with a Depth Telerecording Unit.* 

Actual measurements of submarine illumination in the San Diego area at midday 
in August, 1954, yield the curve (solid line) shown in Figure 1. It is obvious that at 
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a depth of 300 meters the calculated intensity may differ from the measured in- 
tensity by as many as five orders of magnitude. In the San Diego Trough during 
summer the intensity of illumination declines rapidly in the upper 75-125 meters. 
The vertical extent of this layer of optically dense water appears to be consistent 
with the vertical extent of the euphotic zone in this area. Below about 100 meters, a 
layer of much clearer water with an extinction coefficient comparable to those ob- 
tained by Clarke® for the Caribbean is commonly encountered. 

When a well-defined sonic-scattering layer is present, a second inflection of the 
light-depth curve may be observed as the photometer enters the layer. The maxi- 
mum depth to which the photometer could be lowered in August, 1954, was deter- 
mined by the amount of electric cable available. In July, 1955, with a longer cable, 
further data were obtained which indicate that below the scattering layer the water 
is as clear as it is above the layer. 


These studies are being carried out under contract between the Office of Naval 
Research and the Scripps Institution. 

* Contributions from the Scripps Institution of Oceanography, New Ser., No. 810. 

1. M. Kampa and B. P. Boden, ‘‘Submarine Illumination and the Twilight Movements of a 
Sonic Scattering Layer,’’ Nature, 174, 869-870, 1954. 

2 B. Richardson, ‘‘Photo-electric Measurements of the Penetration of Light in Sea-Water, and 
the Results of Laboratory Photo-electric Measurements of the Absorption Coefficient of Sea- 
Water”’ (unpublished). 

3 J. M. Snodgrass, R. F. Devereux, and J. H. Cawley, ‘‘A Telerecording Bathyphotometer”’ (in 
press ). 

4B. P. Boden, E. M. Kampa, J. M. Snodgrass, and R. F. Devereux, ““A Depth Telerecording 
Unit for Marine Biology,’’ J. Marine Research, 1, No. 3, 1955. 

5G. L. Clarke, “Light Penetration in the Gulf of Mexico,”’ J. Marine Research, 1, No. 2, 85-94, 
1938. 


A CLASS OF ARITHMETICAL FUNCTIONS 
By Eckrorp COHEN 
UNIVERSITY OF SOUTH CAROLINA 


Communicated by Marston Morse, August 9, 1955 


Introduction.—Let F be a field of characteristic 0 containing the rth roots of unity, 
where r is an arbitrary positive integer. This paper is concerned with certain types 
of single-valued functions f(n) = f(n, r), of the nonnegative, integral variable n, 
with values in F. If F is assumed to contain the rth roots of unity for all r 2 1, 
then f(n, r) may be interpreted as a function of two integral variables n and r, 
where n is nonnegative and r is positive. 

In an earlier paper the author! considered the class of functions of the form 


f(n, r) = & ald) e(n, d), (1) 


d\r 
where a(d) ¢ F, and e(n, d) denotes the familiar Ramanujan sum (also denoted by 
c,(n)). The functions (1) were shown? to form a semisimple subalgebra of the ring 


of periodic functions (mod r). 
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We shall consider another class of functions f(n) = f(n, r), defined by 


r 
f(n,r) = tj, 
J(n, 7 Par ") 


where the summation is over the common divisors d of n and r, and g(a, b) is an 
arbitrary single-valued function in F of two positive integral variables a, b. Func- 
tions in this class have been studied by Anderson and Apostol.* 

In this paper we show that the classes of functions (1) and (2) are identical and 
may be characterized quite simply by the properties 


f(m,r) = f(n,r), m = n(mod r); 
fin, r) = fle, r), e = (n,7r). 


(3) 


A function of the class (3) will be termed an even function of n (mod r). The first 
property in (3) asserts that an even function (mod r) is periodic in n with period 
r, while the second asserts that the value of an even function f(n, r), for every n, is 
determined by the greatest common divisor of n and r. Since the first property 
is an immediate consequence of the second, we may regard the latter as the defining 
property in (3). 

One may note that the three types of functions represent generalizations of 
Ramanujan’s sum c(n, 7). This is obvious in the case of equation (1). The func- 
tions (2) generalize the familiar property 


(4) 
d\(n, r) 
where u represents the Mébius function. That c(n, r) possesses the properties (3) 
of an even function follows easily from formula (4). 
A particularly important relation for c(n, r) is provided by Hélder’s* formula, 
which we note here: 


(r)u(6) r a 
c(n, r) = O(n, r) = oe (3 - ), (5) 
$(6) (n, 7) 


¢@ denoting the Euler ¢-function. The notation ®(n, r) in formula (5) is that of 
Nicol and Vandiver.® Another basic property of ¢(n, r) is given by the following 
orthogonality property. If d; and d, are divisors of r, then 


r r fr (a, = ds) 
# hete ONE ,d} = ty 6 
pe» : § : ie e ‘) 10 (d, F dy). \ ») 
Relation (6) is a special case of a more general formula proved elsewhere and may 


be deduced from a result in the author’s article’ cited above. In the cased, = 1, the 
result in formula (6) yields the familiar property 


_ Sr (rn), ' 
eB c(n, d) = 0 hen), (6a) 


Trigonometric Representations of Lven Functions (mod r).—We now prove, on the 
basis of equations (6), that every even function f(n, r) is representable as a sum of 
the type (1). The resulting formula is simply the Fourier representation of f(n, 7) 
as a periodic function (mod r). In fact, the representation can be obtained alterna- 
tively by expanding f(n, r) directly into a Fourier sum (finite Fourier series). 
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THEOREM |. Every even function f(n, r) of n (mod r) has a representation of the 


form (1). Conversely, every function (1) is even (mod r). The coefficients a(d) = 


a(d, r/d) are uniquely determined and are given by 


l .[? r “ 
a(d) = : LJ ¢ re i), (7) 


or by the equivalent formula 
i} + 
ald) = > f(m, r) e(m, d). (8) 
ro(d) 2 
Proof: The converse part of the theorem is clear, because ¢(n, d) is even (mod r) 
for all divisors d of r. In order to prove the first part, place e = (n, r), and sub- 
stitute in equation (1) expression (7) for a(d), to get 


I [7 r 

Ya(d) e(n, d) = - flr) > ele, d) cl =, 4). 
dir r ly 6 dir d 

By formula (6), the inner sum is zero, unless é6e = r, in which case it has the value 

r. Therefore, one obtains 


> a(d) c(n, d) = fle, r) = f(n, r). 

dir 
This proves that f(n, r) is expressible in the form (1), with Fourier coefficients a(d) 
given by equation (7). The uniqueness of the a(d) follows from the linear inde- 
pendence of the c(n, d), d)r. (The independence property is a consequence of for- 
mula (6).) 

We now show that the a(d) in equations (7) and (8) are the same. Replacing 

z (mod r) in equation (8) by an equivalent residue system of the form z = (7/8)z, 


5|r, (x, 6) = 1, we may write 


l ye rx 
a(d) = ro(d) 2X , I (“ ; r)e(%. 4). 


z(mod 4) 


Using the fact that f(n, r) and e(n, d) are even functions (mod r), it follows that 


l [r r 
a(d) = ro(d) »e f (; ? c (; ‘) 8) 


Since c(r/6, d) (6) = e(r/d, 6) o(d), the coefficient a(d) assumes the form (7), and 
the proof is complete. 

The relation between formulas (1) and (8) can be restated as a theorem on the 
inversion of even functions (mod r): 

TuroreM 2. Let f(n, r) and f’(n, r) represent even functions (mod r), and suppose 
that 6 is a divisor of r. The following implications hold: 


] r 
~ "(d, r) e(n, d) > f'(6, r) = f(m, r) e(m, 4), 
Jin, *) = LS", 1) en, d) > f' rp(8) 22, fom") 
r l f'(d,r) 
f'(6,r) = =: f(m, r) c(m, 6) > f(n, r) = c(n, d). 


m= 1 Yr d'r o(d) 














942 MATHEMATICS: E. COHEN Proc. N. ALS 


As a corollary, we deduce two inversion formulas of Nicol and Vandiver.’ Placing 
6 = 1 in the first formula of Theorem 2 and n = r in the second, we obtain 

CoROLLARY 2.1. On the basis of the notation of Theorem 2, the following inversions 
hold: 


f(n, r) => f’ (d, r) e(n, d) > f’(, = >> f(m, r 
djr 


m=1 


II 


. > f'(d, r). 


f'(6,r) = > f(m, r) e(m, 6) — fir, r) 
m=1 r dir 

Arithmetical Representations of Even Functions (mod r).—We next establish the 
equivalence of the class of functions (2) and the set of all even functions (mod r). 
The explicit relation between representations (1) and (2) of an even function 
f(n, r) will also be deduced. It is convenient to state the results as separate 
theorems to be proved jointly. 

THEOREM 3. Every even function (mod r) is expressible in the form (2). Con- 
versely, every function (2) is even (mod r). 

THEOREM 4. An even function (1) has the following representation of type (2): 


F: 


Correspondingly, an even function (2) has a representation of type (1), with the co- 


efficients a(d) determined by 
ad) =+ > g E ede (10) 
r e|(r/d) 


Proof of Theorems 3 and 4: The fact that every function (2) is even (mod r) fol- 
lows from the definition of an even function. To show that every even function 
f(n, r) has a representation (2), we may assume by Theorem | that f(n, 7) is given 
in the form (1). Hence, by equation (4), 


f(n,r) = > a(d) e(n, d) = & a(d) p> u(; ) 8 


d\r d\r (n, d) 


> 6 Dd a(d) (5) - > 6 Dd a(ée) ule). 


6|(n, r) d\r é\(n,r) el (r/8) 
(d =6e) 


This establishes formula (9) and completes the proof of Theorem 3. 

To prove equation (10), suppose now, by virtue of Theorems | and 3, that f(n, 7) 
is given with representations of both types (1) and (2). Then, by equation (7), we 
get, for a(d), 


Il r r a e i r 
a(d) = : » i(; ) (5 i) aa ps ( (s i) >. g (v, 59 
l r 1 r r 
= y) = : , 
% 0(P.p),3,, 8) =, le) E ele’) 
(De =r) 


But, by formula (6a), it follows that the inner sum of the last expression is equal to 
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e or 0, according to whether r/d = 0 (mod e) or r/d ¥ 0 (mod e). Thus formula 
(10) for a(d) results, and the proof is complete. 

In view of Theorems | and 3, it follows that the classes of functions (1), (2), and 
(3) are identical. This result may be reformulated in the following manner: 

THEOREM 5. A _ periodic, arithmetical function f(n, r), of the variable n with 
period r, possesses a Fourier representation of the form (1) tf and only if it has an 
arithmetical representation of the form (2), or, what is the same, if and only if it is an 
even function of n (mod r). 

An Application to Congruences.—As an application of some of the above results, 
we give a new proof of a theorem of Nicol and Vandiver® on restricted partitions 
(mod r). 

THEOREM 6. The number of solutions of the congruence 


N==24,+...+ 24, (mod r), (11) 
in x;, with (1, r) = 1 (« = 1,..., 8), 28 gwen by 
> l r 
N,(n,r) = -> (5 ) c(n, d). (12) 
Yr dir d 


Note: In view of formula (5), we may restate equation (12) in the form 
a ] wis 
N,(n, r) = yy ®*(—-, r)}) &(n, d). 
Y dir d 
Proof: It is clear that N,(n, r) is an even function of n (mod r). Hence, by 
Theorem 1, N,(n, r) has the Fourier expansion 


N,(n, 7) = ¥& a(d) e(n, d), (13) 


dir 


with coefficients given in the form (8) by 


] 
ad) =——~ DY cat... + 2% 4), (14) 
ro(d) a, —, rs 
(ti, r) = 1 
x;(mod r) 
where the sum is over sets (21, ..., 2s), each Xj being chosen from a reduced residue 


system (mod r). Using the notation e(a, b) = exp (2mia/b), for b > 0, the expres- 
sion for a(d) in equation (14) becomes, by the definition of e(n, r), 


] 
~—> Zz eyat...+2,), 4). 


a(d) = 
ro(d) yw, Gl Bh ow cee Ls 


By virtue of the additivity of e(a, b) and the fact that a reduced residue system 
(mod-r) contains ¢(r)/¢(d) such systems (mod d), it follows that 


! call PS conan, © 
a(d) = ro(d) 3 : > e(xry, ‘)) grr” fe bs: c(y, ») : 


Since c(y, d) = e(1, d) = u(d), we have, by the definition of ¢(d) and by formula 
(5), 
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l , ; l 
ay ae (“2 ao ' +8 @° ¢ r) Be ( r). (15) 
r o(d) r d r d 


The theorem now follows, on substituting this in equation (13). 

An arithmetical representation of NV,(n, r) can be deduced on the basis of equa- 
tions (9). For this purpose we introduce, for a fixed positive integer g, the func- 
tion® 

s+1 
s ps *'(d) ; 
¥%(q, 7) = me . (16) 
d\r o*(d) 
(d, q)=1 
where the summation is over divisors d of r, prime tog. In particular, we prove 
THeoreM 7. The number of solutions N,(n, r) of congruence (11), in x4, ..., 2X5 


prime tor, is given by 


: 
N,(n, r) = . > 66" a ) y(6, r). (17) 


Yr al(n, r) 


Proof: By equations (9) and (15), one obtains 


r r 6 r 
N,(n,r) = >> g (6, =}, g(6,-) =- > el -,r) ule). (18) 
6|(n, r) 6 6 TY el(r/8) 6e 


Employing formula (5) and the factorability of the uw and ¢ functions, it follows that 


r 6o*(r) (de) \* 6g*(r (6)\* u(e)\* 
g (3, ) = a a (‘ ) ule) = ov) (“ ) +8 (a ) ule). 
0 r — el(r/s) \P(6e) r $(6)/ el(r/s) \(e) 


(6, e)=1 


Therefore, by formulas (5) and (16), 


r 6 r 


and the theorem follows on substitution in the first of formulas (18). 


1. Cohen, Duke Math. J., 19, 115-129, 1952. 

2 [bid., Theorem 3. 

3 R. D. Anderson and F. M. Apostol, Duke Math. J., 20, 211-216, 1953. Anderson and Apotsol 
consider functions (2) with g(a, b) = gi(a) go(b). 

+O. Hélder, Prace Mat.-Fiz., 43, 13-23, 1936. 

°C. A. Nicol and H. 8. Vandiver, these PRocEEDINGs, 40, 825-835, 1954. 

6 If. Cohen, op. cit., formula (3.10). The generalization of formula (6), referred to in this article 
is proved in the author’s paper ‘An Extension of Ramanujan’s Sum. II,’ which has been sub- 
mitted to the Duke Mathematical Journal. 

7C, A. Nicol and H. 8. Vandiver, op. cit., Theorems V and VI. The first formula of Corollary 
2.1 can be put into the form of Nicol and Vandiver’s Theorem V by a simple transformation. 

8 Jbid., Theorem VII. Nicol and Vandiver state their result in terms of &, as in the Note to our 
Theorem 6. We mention that a generalization of this theorem will be proved by still another 
method in the paper ‘‘An Extension of Ramanujan’s Sum, III,” not yet submitted for publica- 
tion. Extensions of other results contained in the article of Nicol and Vandiver will also appear 


in that paper. 
® The function ¥“°’(q, r) is the case k = 1 of a more general function y,“(q, r) to be discussed 
in the author’s as yet unpublished paper “Some Totient Functions,” 
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COMPLETELY INVERSIBLE OPERATORS* 
By Leon EHRENPREIS 
INSTITUTE FOR ADVANCED STUDY 
Communicated by Marston Morse, September 9, 1955 


One of the main problems in the theory of distributions is the study of the <on 
volution equation 


¥,8:= (1) 


where W is a given distribution of compact carrier. In a previous note! we showed 
that if W is a punctual distribution (i.e., if eq. (1) is a partial differential-difference 
equation with constant coefficients), then for every distribution 7 we can find a dis- 
tribution S such that equation (1) is satisfied. In this paper we shall characterize 
completely all distributions W of compact carrier such that equation (1) has a solu- 
tion in %’ for every distribution 7;? if W has this property, then we say that W is 
completely inversible. 

We shall show that W is completely inversible if and only if the Fourier transform 
5(W) is slowly decreasing. 

Definition: A function J ¢ E’* is said to be slowly decreasing if there exist positive 
numbers a, b, ¢ such that for each point x « R we can find a point y e R with 


lx —y| Sulog (1+ {2}), (2) 
J(y)| = b/1 + lyle (3) 


We shall also show that W is completely inversible if equation (1) has a solution 
S « ©’ for T = 6 (the Dirac measure); such an S is an elementary solution for W. 
This settles a question posed by L. Schwartz.‘ 

Our main result is 

THEOREM |. For W e¢ 8’ the following properties are equivalent: 


5(W) is slowly decreasing. 


(a) 
) Wy f—f ts a continuous linear map of W x D> into D. 
) 


(b 
(c) We D’ = Dd’. 

(d) There exists an elementary solution for W. 

(e) Wy U > U is a continuous linear map of W x &' > &'. 


We give an outline of the proof; the details will appear elsewhere. 

Outline of proof: We prove Theorem | by the usual chain of implications: (a) 
implies (b), (b) implies (c), ete. Of all the statements we have to prove, the im- 
plication “‘ (a) implies (b)”’ is the most difficult. The proof of this uses our previous 
explicit description! of the topology of the Fourier transform of D, together with a 
form of the minimum modulus theorem for entire functions of exponential type.® 

(b) implies (c): This is a simple consequence of the Hahn-Banach theorem. 

(c) implies (d): Thisisa triviality. 

(d) implies (é): This can be proved without much difficulty from topological 
arguments.” 

(e) implies (a): Suppose that W is not slowly decreasing, and call J = &(W). 
It is a simple consequence of the theory of quasi-analytic functions that there exists 
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a function G ¢ D which satisfies 
G(x) = O(exp (|| ~4)). (4) 


By taking suitable multiples of translates of G, we can produce a set B of functions 
in &’ such that /B is bounded in 8’ but B is not bounded in FE’. The construction 
of B depends on the explicit description of the bounded sets of E’.3. The existence 
of B shows that W ,» U — U cannot be a continuous map of W » &’ into &’, which 
is the desired result. 

The implication “ (c) implies (b)”’ is 

Corotuary. Jf W has an elementary solution, then W is completely inversible. 

THEOREM 2. The statements of Theorem | are also equivalent to the following: 


(b') W x f—f is a continuous linear map of W x Dy into D,y.? 
(c') W « Dp’ = Dy’. 

(b”) W «ff ts a continuous linear map of W x Dx into Dx." 
(c’) W « Dx’ = Dx’. 


Theorem 2 is proved in essentially the same manner as the corresponding state- 
ments in Theorem 1. 
THEOREM 3. The statements of Theorem | are also equivalent to 


(f)W*é = 6. 


It is clear that (e) implies (f). The converse can be proved without difficulty 
from the closed graph theorem. !! 


* Work prepared under National Science Foundation Grant NSF5-G1010 at the Institute for 
Advanced Study. The author is on leave from the Johns Hopkins University. 

1 L. Ehrenpreis, “The Division Problem for Distributions,” these PROCEEDINGS, 41, 756, 1955. 

2 See L. Schwartz, Théorie des distributions, Vols. 1 and 2 (Paris, 1950-1951). We shall use the 
following notation: D is the space of indefinitely differentiable functions of compact carrier on 
Euclidean space R of dimension n. YD’, the dual of 9D, is the space of distributions on R. & is the 
space of indefinitely differentiable functions on R; &’, the dual of &, is the space of distributions 
of compact carrier on R. 

3 E, is the Fourier transform of &’; Dis the Fourier transform of D. 

4 It is incorrectly stated by L. Schwartz (op. cit.) that this result for n = 1 can be proved by the 
methods of the theory of mean-periodic sunctions. Professor Schwartz has kindly informed me 
that his proof only shows that W x» Dr’ = Dr’ if W has an elementary solution (see Theorem 2 
below). The result of Schwartz was extended to arbitrary n by Malgrange in his thesis at Paris 
(to appear in Ann. Inst. Fourier). 

5 W * Dis the space of all W « f for f e D with the topology induced by D. A similar notation 
is employed for other spaces. 

6 L.. Ehrenpreis, ‘“Mean Periodic Functions. I,’ Am. J. Math., 77, 293-328, 1955; see espe- 
cially Theorem 5, p. 317. 

7 The proof is similar to the proof of Theorem 4 of my paper “Solutions of Some Problems of 
Division. II,” ibid., pp. 286-292. A different proof is given by Malgrange in his thesis. 

8 L. Ehrenpreis, ‘Analytic Functions and the Fourier Transform of Distributions. I,’’ Ann. 
Math. (to appear). 

®L. Ehrenpreis, “Solutions of Some Problems of Division. I,’’ Am. J. Math., 76, 883-903, 
1954. Dr’, the dual of Dy, is the space of distributions of finite order. . 

” L. Ehrenpreis, “On the Theory of Kernels of Schwartz,” Proc. Am. Math. Soc. (to appear). 
Dx’ is the dual of Dx. 

‘| The details are carried out in Malgrange’s thesis. 
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FULLY CONVEX NORMED LINEAR SPACES 
By Ky Fan* aAnpD IRVING GLICKSBERG 


UNIVERSITY OF NOTRE DAME AND RAND coRPORATION 


mi " ~~ 
ics Communicated by John von Neumann, August 19, 1955 

t s . . 
1. Let X be a real normed linear space. For any integer k > 2 a sequence 
WW lr, of elements of X will be called a (k.i)-sequence, for i = 1, 2, 3, or 4, respectively, 

; ' § ] ’ A 
j if 
) ‘ 
sat (k.1) lim |ja,|| = 1 and || (1/k) >> a,,|| > 1 for any k indices ny < ne < 
n—>« i=1 
iat < Nes 

| : 

t (k.2) lim \(1/k) >> z,,|| = 1; 
i) Ml, - ss, MEO $=1 
y * 
@) k 
| (i:.3) {rn} is bounded, and \\x,,, < | (1/k) >> 2,; for any k in tees ny < ne < 

‘=1 

] | < Nes 


(k.4) ja, is bounded, and, for every ny, there exists an M = M(n) such that |\zx,,\| < 
' d 1}} 


Bs k , 
(1/k) z=. Ln;\| form > M1>... >m> M. 
Il i=l 


ay For any integer k > 2 and for 7 = 1, 2, 3, 4, let us consider the following conditions 
concerning X: 
. (F.k.C.i) Every (k.i)-sequence |x, in X is a Cauchy sequence. 


(W.F.k.C.i) Every (k.i)-sequence }x nt in X is weakly convergent." 
\ Condition (F.2.C.2) has been previously considered by V. Smulian.? 
iy THEOREM 1. For any fixed integer k > 2 and for any normed linear space X, the 
: four conditions (F.k.C.4), 1 < % < 4, are mutually equivalent. Also, the four condi- 
tions (W.F.k.C.1), 1 < t < 4, are mutually equivalent. 

Proof: To see that (F.4.C.1) => (F.k.C.2) and (W.F.K.C.1) =>(W.F.K.C.2), it 





i suffices to show that for any (k.2)-sequence }z,} in a normed linear space, we can 
find a sequence | @,} of real numbers with lim a, = 1 such that fa,z,} isa 
i n-—-> © 
p (k.1)-sequence (after dropping a finite number of terms). To do this, we first 
i ie : 7s . 7 fata | | 
; observe that if {a,} is a (k.2)-sequence, then lim |/z,|| = 1 and {rn/|| rql| 
j "—> © 
iy (after dropping a finite number of terms) is also a (k.2)-sequence. Hence we may 
' k | 
assume ||x,|| = 1 for all n. Let 6, = inf |\(1/k) 3) 2,,||. Then @, < 
n=2n i=1 { 
Bn4+1, lim £8, = 1. Clearly we may assume 6, > 0 for all n. Setting a, = 
j n—> = 
i} ] 4 . ° 1] 1] 
I B,-*+, wehave lim a,=1, lim |la,z,|| = 1, and, for m < m < 
| n—> © n-—-> © 
ij < Nk, 
y 947 
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k 


k y 
x Ani Xn; > An, > FF Ln; ‘hi (Qn, Fei Qn; )|| x nl| 
i=1 7 j= s 


t=1 


k 
= an: "kB, tee (k baie Ll) an, + z Qn; 


> re eee (k = At + (k im 


Since 8, increases to 1, we have kB,,~* — (k — 1)B,,~*+? + (k — 1) > k for 
ny > no, and thus } a,7 7 n>no is the desired : 1)-sequence. 


{| 
Condition (k.3) implies || lzll < || tn all ', and therefore (in view of the boundedness 
, ie | : 
of {a,}) the existence of lim |jz,||. Since we also have |/z,,\| < | (1/k) pw 


a—> © aed 


In|| < || rnpl| for ny < nm <... < nm, it follows that lim | (1/k) > me 


Mi, ...) Me—> @ i=] | 
exists for every (k.3)-sequence. Hence (F.k4.C.2) => (F.k.C.3), (W.F.K.C.2) => 
(W.F.k.C.3). 

Next consider a (k.4)-sequence {rn} in a space X satisfying (F.k.C.3). Suppose 
that {x,} is not a Cauchy sequence. Then there -_ e > 0 and a subsequence 
ee a ae {arn} such that ||y, — Zal| > eforalln. As a subse- 
quence of font, {2,1 is also a (k.4)-sequence. Hence {zn} has a subsequence 
fz, which is a (k.3)-sequence. Let u, = y,,, Un = 2, By (F.K.C.3), }o,} is a 
Cauchy sequence; hence we may assume ‘= Um|| < €/2 for alln,m. Now, asa 
subsequence of fz, t, U1, Vi, U2, V2, ..., Uny Un, ... 18 a (k.4)-sequence. We can pick 
two sequences }7,}, \7 + of natural numbers, such that i, < Jn < %n41, for which 
sequence }w, | defined by Wan—1 = Ui, Wen = 0;,, (n = 1, 2, 3, ...) is a (k.3)- 
sequence. Then, by (F.k.C.3), [ wa} would be a Cauchy sequence, despite the fact 
that leon —1 — Wem|| > ||Uji, — v,,| — ||v,, — Lim|| >er- kas '2) = ¢/2 for all n, 
Hence (F.k.C.3)=>(F.k.C.4). The proof of (W.F.k.C.3) => ad P. k.C\4) is om 
tained by modifying the above arguments. To begin ite if {x,} is not weakly 
convergent, then there exist f « X*, « > 0, and a subsequence y, 21, Yo, 22, .-., 
Yny Zn) -.. Of fay} such that lf(yn) — f(z,)| > efor all n. The necessary subse- 
quent modifications are clear and are omitted. 

To prove (F.k.C.4) => (F.k.C.1) and (W.F.k.C.4) => (W.F.K.C.1), it suffices to 
show that for any (k.1)-sequence },} such that || all < k/(k — 1) for all n, there 
exists a sequence {an} of real numbers with lim a, = 1 such that { an tn} is a 


n—> © 


(k.4)-sequence. Actually, we can take 


n (k— Ik — (k — 14x, 
n+1 (2k — 1)]z,\| — k 





an = 


In fact 


Max || a°nd 
1<i<k 
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and therefore 


k 
y 2 (1) 
>> Qn Lay || > =t -tk —(k—1) Max llznJl}. 


kiz ie hk 1<icsk 


From lim || 2 nl| = | and our definition of a,, we have lim a, = 1. When 


n-—> © n-—> © 


No, M3, ..., Ne — ©, the right side of relation (1) converges to [(a,, + k — 1)/k]- 
[k — (k — 1)|/2,||], which is > |/a,,7,,||. Thus {a,2,} is a (k.4)-sequence, which 
completes the proof. 

A normed linear space X is said to be fully k-convex (weakly fully k-convex) if it 
satisfies any one of the equivalent conditions (F.k.C.2), 1 < «7 < 4 (conditions 
(W.F.k.Ci),1<%4< 4). From 


k 
Siz Lnji ’ 


Pd eel 


k 1 1 k+1 7 } 
it is clear that every ((k + 1).2)-sequence is also a (k.2)-sequence. Hence every 
fully k-convex (weakly — k-convex) normed linear space is also fully (k + 1)- 
convex (weakly fully (k + 1)-conver). Also, the strong completion of a (weakly) 
fully k-convex space is (weakly) fully k-convex by (F.k.C.2) (by (W.F.k.C.2)). 
Every uniformly convex® normed linear space is easily seen to be fully 2-convex and 
therefore fully k-convex for any k = 2. 

2. A property not shared by uniformly convex spaces is given by 

THEoreM 2. Let k be an integer > 2, and let p be a real number >1. Let |X} 
be a sequence of fully k-convex Banach spaces. If X denotes the Banach space of = 

o 1/p 
those sequences x = {£} with © ¢X® (i = 1, 2, 3, ...) and||a|| = (Shel) 
< o then X ts fully k-convex. 

Proof: We shall consider the case k = 2, since the proof for general value k is 
only notationally more involved. Let {x,} be a (2.1)-sequence of elements of X. 
Let z, = fe co} where &,°9 ¢ X® (¢ = 1, 2,3, ...). Lety, = {\lEn (| Then 
y» may be magyreee as an element in the Banach space /?; its norm yall j in Pi is equal 
to the norm ||z,|| of z,in X,sothat lim |ly,|| =1. As 


nat-—> © 


| Xn + Xm , nae ¥ g,°” + g(9 , 
? 


ee. 
| 2 $=] “< 
. eal + | Em‘ | Yn + Ym ||? 
m | ae Yn Ym <6 
$=] “ - i 
lynt is a (2.1)-sequence in /?. Since /? is uniformly convex and therefore fully 2- 
; | 
convex, }y,| converges to an element a = ja;} inl?. Thena;= lim En || > 
n-—> © 
@ : F | pe 1] I} a 
O,and >> a? =1. From lim ||(yn + Ym)/2)| = |\a)| = 1 and from relation 
i=1 n, m—> © 


(2), we have 
lim > [Ot eo)” 


n, m—->oi=i) 2 


and hence, for any index J, 
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: ll ¢ () 4+ £0) ||P l¢ @ (i) || p 
lim En 5 En = | ve lim =: En + En ; : 


¢ 
n,m « n,m—>o ij 2 


Since lim (Yn + Ym)/2 = a, we have 


n,m —> © 
f (%)| + E (D\!\ p 
5s . n m a aie a Dp 
l lim ” ri _ = 1 > ay? = a,?. 
n,m—> © 147 \ a 1] 


Clearly, equations (3) and (4) imply 


(j Pay 
lim En ” + Em ||? 
9 | 


n,m? © - | 


> a,’. 


On the other hand, 


lim 


n,m-—> © 


As a; > 0, it follows that 


ar, 9 


(3) (j) ||P i¢ (J) 
En + Em? ‘a + 


n,m—> @ 


[£0 (3) || 
lim [tec a = a; (5) 


a,m~-? @ _ 


But the Banach space X is fully 2-convex; hence equation (5) implies that, 
in each X¥®, {é,} converges to an element £® ¢X®, We have |/€®|| = lim 
n> © 
oe 


|En‘|| = a, and therefore >) |/€|/? = 1. Thusa = {Eco} is an element of X, 
i=1 
Wood is , ‘ ; bas es r(a 
and || = 1. Finally, from the fact that lim ¢,@ = &€® in each X™ and 


n> © 


. I] 1] i <2 . , . 
lim |jx,|, = |||, a standard argument (usually used in 7?) shows that lim 


a> @ aren 
Zn = zin X. 

In Theorem 2, if we take X¥® = [*+! (7 = 1, 2, 3, ...), then, by a result of M. M. 
Day,‘ the resulting fully 2-conver Banach space X (for any p > 1) is not uniformly 
convex in any topologically equivalent norm. 

3. According to a result of W. F. Eberlein,® a normed linear space _X is reflexive 
if and only if every bounded sequence in X has a weak cluster point. Theorem 3 
below gives a new necessary and sufficient condition for reflexivity, a condition 
which allows a clear comparison with weak full k-convexity. As our condition is 
apparently weaker than Eberlein’s condition, Theorem 3 strengthens the “if” part 
of his theorem. In the proof of Theorem 3, we shall require a lemma. The au- 
thors are grateful to L. S. Shapley for supplying the proof of this lemma. 

LemMa. Let x, %2, ..., 2 be elements in a normed linear space. If0 < Min 


1sisk 


< I| k 
Jail] < | do aw;|| for all a, > 0 with > a; = 1, then 


|| #=1 


Proof: We write 


[Eve | ~ «(E,fear) | 
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3 
where a; > Oand >> a, . By hypothesis, we have 
i=1 


—k 


k-— 1 tes tie 
sa b ( Max x\) oe k > at; 


1<i<k t=1 


The right-hand side is the arithmetic mean of k numbers, of which the geometric 


1—k k 1 
mean is ( Max j\2; ) -\S aa, . Hence 
1 


Sick #=1 


rfe 1 , mah 
Lh TE): dD aa,|| > ( Max 7) 


i=1||Ci i=1 1<ic<k 


THreoreM 3. Let k be any fixed integer >2. A normed linear space X is reflexive 
if and only if every (k.3)-sequence in X has a weak cluster point. 

Proof: We need only prove the “if” part. We shall first show that every non- 
empty closed convex set K in X has an element of least norm. To do this, we 
may assume that 0 is not in K, or, indeed, inf ||x|| = 1. Now we may find a se- 

aeK 


k 
quence {x,} of elements of K with lim ||z,|| = 1 such that || nell a> 
n—> © i=] 


k 


ait,,|| holds for any ny < m < ... < nm, and for all a; > 0 with > a =1. 


i=1 
For, having chosen x, x2, ..., 2», We may choose x, +1 as follows: let y « K besuch 
that | y|| < 1+ (1/n), and let x, 4; be an element of least norm in the convex hull 
of the finite set |21, x2, ...,2,, y}. According to the lemma, we have 


1 


Pe 
ree nee mp for aS aS... Soe 
\h f=) 


| id | — ° | 
|| © nil] L ny\| 


Let z, = 2, Al ze, * Then tz, is a (k.3)-sequence and therefore has a weak cluster 
yoint Zo, Which is also a weak cluster point of {z,}, since lim ||z,|| = 1. Bya 
I ( ’ | A 


n> @ 
theorem of 8S. Mazur,® the closed convex set K is also weakly closed; hence z « K 
and |{zo/ > 1. On the other hand, if we consider an f « X* such that ||f|| = 1, 
f(z) = || 20 , then ||z0)} = f(zo) < lim f(z.) < lim || tll = 1. Hence 2 is an 


1 
na? 2 a=? 2 


element of least norm in K. 

Now a theorem of V. Smulian’ states that a closed convex set in a normed linear 
space is weakly compact if and only if every decreasing sequence of nonempty closed 
convex subsets has a nonempty intersection. For such a sequence {K,} of subsets 
of the unit cell in X, let y, be an element of least norm in K,. Then {y,} is clearly 
a (k.3)-sequence and hence has a weak cluster point yo. Again by Mazur’s theorem, 
yo € K,, for every n; thus the unit cell of X is weakly compact, and X is reflexive.* 

Theorem 3 remains true if (4.3) is replaced by another (k.7). This is clear, since 
every (k.3)-sequence is both a (k.2)- and a (k.4)-sequence, and every (k.2)-sequence 
may be converted into a (k.1)-sequence (see the proof of Theorem 1). For 7 = 
2, 4, the result is obviously weakened. 

4. Fully k-convex Banach spaces are, by Theorem 3, reflexive. Also, a weakly 
fully k-convex space is reflexive if and only if it is weakly complete. That there are 
nonreflexive® weakly fully 2-convex Banach spaces (e.g., the space (c) of convergent 
sequences, properly renormed) follows from 





952 MATHEMATICS: FAN AND GLICKSBERG Proc. N. ALS. 


THEOREM 4. If a normed linear space X has a separable adjoint X* (in particular, 
if X is separable and reflexive), then there exists a topologically equivalent norm in 
which X is weakly fully 2-convex. 

Proof: Let {f;} be a sequence dense in the unit cell B* = {f ¢ X*||/f\| <1} of X*. 
Define the new norm || -||’ in X by 


J 
i 
which is topologically equivalent to the ws 873 norm ie ||. Let {rn} be a (2.1)- 


sequence in X with respect to the new norm ||-||’. If we ‘seahdiee 


y, = 1X nl fulzs) a _ fdas ae ip \ 


as an element of /?, then, by the same reasoning used in the proof of Theorem 2, we 
infer that {yn} in /? converges to an element a = Qo, ie > ees, a and that 


flan) +. 


2 


lim 


n,m? = 


= 2a, for each 7 > 1. 


Then lim f,(x,) exists for every 7. Since {f;{ is dense in B*, it follows that 


n> © 


lim f(x,) exists for every f « X*; that is, fr, is weakly convergent. 


n> @ 

5. Although the following theorem involves no linear operators, it does generalize 
G. Birkhoff’s mean ergodic theorem” for uniformly convex spaces. 

TueoreM 5. Let }x »| be a sequence of elements in a normed linear space X such 
that 


m n 


] 
~ Fo Suty + — dtiti) S = OE ae > 2, (6) 


Viz] m Ni=1 emt 


holds for any three positive integers n,m, j. Let w, = (1/n) x a; If X ws fully 


#=1 
k-convex (weakly fully k-convex) for some k > 2, then {w,! is a Cauchy sequence 
(weakly convergent). 
Proof: The proof for general value k is only notationally more involved, so we 
give the proof in the case k = 2. Letd = _ inf | (wn + Wn) /2\|. By (F.2.C.1) 


(by (W.F.2.C.1)), we need only prove lim ‘Iw, d. Lete >0O. We choose 


n> @ 
two integers r, s, such that 2 < r < sand | (w, “+ w,)/2I| <d+e. Foreachj = 
yi 


i - 


¥; = 


1 Ss 
5 RE + > Vi4+j—1 
So 4=1 


2r j=1 


Then, for n > s, we can write 

n n a 1 s-l1 1 
Sw- Ly, +5, 71+ (5, - Sect 
=] j=l - i=r -~ 2 


ri + 2 5 
i=n-+r ss 


ii ; “ degen . 
ye apts, act ee ee 


2r 2s 


t=n+1 














al a 
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In case r = s, the second and the fourth }>-sums on the right-hand side disappear. 
But, no matter whether r < s or r = s, there are 2(s — 1) terms on the right side, 
and the coefficient of each term has absolute value <1. Since relation (6) implies 
'z,{| < |lay!! for all 7, we have 


l n | n ie. 1) 


8 Yi = 2 vj < =f xy forn> s. 


NFm N j= n 
Again by relation (6), | y)|) < ||(w, + w,)/2)) < d+ eforallj, so that | (1/n) >> y, 


j=1 


<d+ eforalln. Hence we have 


d < |lw, 


This proves lim | w, 
iw « 

* Work prepared in part under a National Bureau of Standards contract with the American 
University, sponsored by the Office of Naval Research, USN; and in part at the University 
of Notre Dame, under the sponsorship of the National Science Foundation. 

! As usual, a sequence }z,} in X is said to be weakly convergent if lim f(a,) exists for every 


i> © 


fe X*. It is said to converge weakly to x) if lim f(r,) = f(xo) for every f ¢ X*. X is weakly 


a> « 
complete if every weakly convergent sequence converges weakly to some x2) « X. See E. Hille, 
Functional Analysis and Semigroups (“American Mathematical Society Colloquium Publica- 
tions,”’ vol. 31 [New York, 1948] ), p. 24. 

2, V, Smulian, “On Some Geometrical Properties of the Unit Sphere in the Space of the Type 
(B),”’ Mat. Sbornik (N.S.), 6, 77-94, 1939. 

3 J. A. Clarkson, “Uniformly Convex Spaces,” Trans. Am. Math. Soc., 40, 396-414, 1936. 

‘M. M. Day, ‘Reflexive Banach Spaces Not Isomorphic to Uniformly Convex Spaces,” 
Bull. Am. Math. Soc., 47, 313-317, 1941. 

5 W. F. Eberlein, ‘Weak Compactness in Banach Spaces. I,” these PRocEEDINGs, 33, 51-53, 
1947. 

6S. Mazur, “Uber konvexe Mengen in linearen normierten Riumen,” Studia Math., 4, 70-84, 
1933. 

7V. Smulian, “On the Principle of Inclusion in the Space of the Type (B),” Mat. Sbornik 
(N.S.), 5, 317-328, 1939. See also V. L. Klee, Jr., “Convex Sets in Linear Spaces. II,’’ Duke 
Math. J., 18, 875-883, 1951. 

8’ The arguments in the proof of Theorem 3, when restricted to subsets of a bounded closed 
convex set A, provide, for each k > 2, the following criterion for K’s weak compactness: every 
(k.3)-sequence in K has a weak cluster point. 

® Hence not fully k-convex. 

10 G. Birkhoff, “The Mean Ergodic Theorem,” Duke Math. J., 5, 19-20, 1939. 





NOTE ON THE DEFINITE INTEGRAL OVER PRODUCTS OF 
THREE LEGENDRE FUNCTIONS 


By Guro GJELLESTAD 


MAGNETIC BUREAU, BERGEN, NORWAY, AND INSTITUTE OF THEORETICAL ASTROPHYSICS, 
UNIVERSITY OF OSLO, BLINDERN, NORWAY 


Communicated by S. Chandrasekhar, September 26, 1955 


Formulas have been derived by Gaunt! and independently by Infeld and Hull? 
for evaluating the definite integral 


Dat P.™(u) P.™(u) P12"*(u) du, (1 ) 


when m = m. + m;. Here the P,"(u)’s are associated Legendre functions, and 
u = cos@. It has been shown by Gaunt and confirmed by Infeld and Hull that, in 
order that the above integral should be nonvanishing, the triangular conditions 


1+ i+ 1; = even integer (2a) 
and 
Lh-h< kbc bth (2b) 


must be satisfied. However, it has been pointed out by Infeld and Hull that these 
conditions are not exhaustive. Even if the triangular conditions (2) are satisfied, 
the integral may in some cases vanish, but other supplementary conditions have not 
been given in explicit form. One exceptional case found by Bird® is mentioned by 
Infeld and Hull? (p. 53). 

Working on an astrophysical problem, the author happened to find some more 
cases for which Gaunt’s triangular conditions are satisfied and the integral never- 
theless vanishes for certain values of the indices. Since the problem may be 
of some interest to physicists in general, a brief discussion of these cases may be 
desirable. The astrophysical problem in which the integrals occurred will be dis- 
cussed elsewhere. 

For the two cases (I and II) to be discussed below, we shall put , = l = n and 
m, = m, = w in integral (1) and assume that n and w are positive integers and that 
n > w, while /; = 2 0r4 and m; = 0. Gaunt’s triangular conditions (2) then reduce 
ton > landn > 2 for cases I and II, respectively. The following definition of the 
associated Legendre functions, which differs from that of Gaunt’s by a factor 
|(n — w)!]~', has been adopted: 

| ln 
CoG) = ot prt we a (3) 

Case I: 1; = 2, m; = 0.—Using standard recurrence formulas for the Legendre 
functions, and under the above assumptions, integral (1) can, after some simple 
reductions, be written in the following way: 


+1 
| [P,"(u) |? Pou) du = 
ea 


2 (n + w)! 
(2n — 1)(2n + 1)(2n + 3) (n — w)! 
954 


[n(n + 1) — 








— 


— 
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This integral vanishes when the following equation is satisfied: 
nin + 1) — 3w? = 0. (5) 


Equation (5) is well known from elementary textbooks on number theory and has an 
indefinite set of solutions in positive integer values of n and w (n > w). Dr. Th. 
Skolem (private communication) has suggested the following recurrence formulas 
as a convenient way of finding them: 


n = Tn, + 12w,; + 3, w= iw + 4m + 2. (6) 


Substituting a known pair of solutions of equation (5) in the right-hand side of 
equations (6), another pair of solutions may be found. ‘Table 1 gives corresponding 
values of n and w for the lower sets of solutions of equation (5) according to equa- 
tions (6). For completeness, the lowest pair of solutions of equation (5),n = w = 
0, has been included in parentheses, but these values violate Gaunt’s condition 
n > | and thus do not represent a solution of the problem discussed in this note. 
When n > 1, the recurrence formulas (6) represent supplementary selection rules 
to those found by Gaunt for integral (4). It may be noticed that the exceptional case 
found by Bird (see, for instance, Infeld and Hull,? p. 53), is of the type of integral 
(4). 

Case ll: l; = 4, m3; = 0.—Using standard recurrence formulas for the Legendre 
functions, and under the above assumptions, integral (1) can, after some lengthy 
reductions, be written in the following way: 


| [Pn”(u) |? Pau) du = 


l 


3 (n+ w)! x 
2(2n — 3)(2n — 1)(2n + 1)(2n + 3)(2n + 5) (n — w)! 
(7) 
[35w* — 5(6n? + Gn — 5)w? + 3(n — 1)n(n + 1)(n + 2)], 
which vanishes when the following equation is satisfied: 
35w* — 5(6n? + 6n — 5)w? + 3(n — 1)n(n + 1)(n + 2) = O. (8) 


Solutions in positive integer values of n and w (n > w) of the above equation have 
been found by numerical methods and are given in Table 2. After Mr. Oddmund 


TABLE 1 TABLE 2 
n (0) 3 48 675 ; n (0) oP 10 | 26 
w (0) 2 28 390 4, w (0) (0) (1) G 9 


Kolberg had suggested that equation (8) be rewritten in the following way, 


a eke i ee 15 27 
Bin? — 30 + 38 + Sn - Sets =O, (9) 


9 


1\* , ; 
where 7 = w? andé = (: ears Dr. Th. Skolem succeeded in showing, by some 


very elaborate calculations according to methods developed by himself in recent ! 
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years (private communication), that the solutions given in Table 2 are the only 
possible solutions in positive integer values of n and w (n > w) of equation (8). Dr. 
W. Ljunggren (private communication) has independently confirmed Dr. Skolem’s 
statement. ‘The three lower pairs of values given in Table 2 satisfy equation (8) and 
are given in parentheses for completeness, but are not in agreement with Gaunt’s 
condition n > 2. When n > 2, Table 2 represents supplementary selection rules 
to those found by Gaunt for integral (7). 


I am indebted to Drs. Th. Skolem and W. Ljunggren, of the Institutes of Mathe- 
matics of the Universities of Oslo and Bergen, respectively, for solving the number- 
theory problems in this discussion and to Mr. Oddmund Kolberg for suggesting the 
transformation of equation (8) into equation (9) that made it possible to use stand- 
ard methods for solving equation (8). 

1 J. A. Gaunt, Phil. Trans. Roy. Soc. London, A228, 151, 1929. 

2 L. Infeld and T. E. Hull, Rev. Modern Phys., 23, 21, 1951. Refer, in particular, to sec. 9, p. 
51. 

3 J. Bird, Master’s thesis, University of Toronto, 1949. 


ON THE CONCEPT OF FIBER SPACE 
By Wrro.tp Hurewicz* 
MASSACHUSETTS INSTITUTE OF TECHNOLOGY 


Communicated by O. Zariski, August 16, 1955 


The concept of the fiber space can be introduced either in terms of local proper- 
ties or in terms of properties in the large. The purpose of this note is to clarify the 
relations between these two concepts. 

Throughout this paper the word “‘space’’ means Hausdorff space. The word 
‘“map’’ means continuous map. The symbol / will denote the unit interval of real 
members. Given a space X, X’ is the space of parametrized paths in XY with the 


’ 


usual c.o. topology. 
1. FIBER SPACES AND LIFTING FUNCTIONS 
Let p be a map of a space FE into a space B. Let 2, be a subset of the Cartesian 
product EX B’ consisting of all pairs (e, w) with 


eceE, weB',  w(0) = ple). 


Let p be the map of E' into Q, which assigns to each 7 ¢ E’ the pair (7(0), pr). 
Definition: The triple (2, B, p) is called a fiber space if the map p has a cross- 
section, i.e., if there exists a map \: 2, > E’ such that pd is the identity map 


Q, > Q). 


A map X satisfying the condition above will be called a lifting function (belonging 
to p). Explicitly, \ assigns to each point e « E, and each path w ¢ B’ starting at 
p(e), a path X(e, w) in F which starts at e and corresponds to w under p. 

While, generally speaking, the lifting function \ is not uniquely determined by 
the map p, it can easily be shown that all lifting functions (if any) form a single 
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homotopy class, i.e., any two distinct lifting functions can be connected by a homot- 
opy within the family of lifting functions (for each number s, 0 < s < 1, one con- 
structs a lifting function A, by decomposing each path w ¢ B’ into two ares accord- 
ing to the partition of the parameter interval J into two subintervals of lengths 
1 — sand s, respectively, and using Xp» to lift the first are and then d, to lift the 
second are). 

A classical example of a fiber space is the triple (B’, B, p), where B is an arbi- 
trary space and p assigns to each path w e B’ its origin w(0). 


2. COVERING HOMOTOPY CONDITION 


THEeorEM. In order that the triple (FE, B, p) be a fiber space, it is necessary and 
sufficient that the “covering homotopy condition” be satisfied. This means that, given 
any space X, any map F: X KX I> B,andamapf: X XK 0— E such that pf coin- 
cides with F on X X 0, f can always be extended toamap F: X X1—> E, with pF = 
| 

Proof: Necessity: For each x e X, denote by w, the path determined by F (2, é), 
0 <¢< 1, and define F by mapping x X J onto the path A( f(x), w,), where d is a 
lifting function belonging to p. Sufficiency: Setting X = Q,, F(a, t) = Fie, 
w, t) = w(t), f(x) =: f(e, w) = e, we take for \(x) the path F(z, t),0<t< 12 


3. REGULAR FIBER SPACES 

Treating B and E as subspaces of B’ and E’, respectively, we call a lifting func- 
tion A regular if for every e « EF, \(e, pe) = e (in other words, ‘“‘degenerated”’ paths in 
B consisting of a single point are lifted into degenerated paths in £). A triple 
(FE, B, p) is called a regular fiber space if it admits a regular lifting function. This 
is equivalent to the condition that the covering homotopy theorem should be valid, 
with the additional requirement that those points of Y (see notations in sec. 2) 
which are stable under the homotopy F (this means that F(a, ¢) is constant as a 
function of t) should be stable under the homotopy F as well. A covering homotopy 
condition fulfilling this requirement will be referred to as a “strong covering 
homotopy condition.” 

Not every fiber space is regular. For example, the fiber space of paths over B 
defined at the end of section | is not always regular. Specifically, it can be shown 
that the fiber space just mentioned fails to be regular if B is the joint of two enumer- 
able (infinite), connected Hausdorff spaces. However, the condition of regularity 
is no restriction, if B is a metric space. 

THreoreM. Every fiber space (EF, B, p), where B is a metric space, is regular. 

Proof: Wemay assume that the diameter of Bis <1. Given w e B,’ we denote 
by d. the diameter of the set w(/) and define a ‘“‘modified” path w’ by the relations 


t 
w(t) = o( ) ot <a. 
dis 
w(t) = w(1) if t > d,. 


Given a lifting function \, a regular lifting function \’ can be obtained as follows: 


r’(e, w) (t) = Ale, w’) (dat), (e, w) € Qs, os teh 
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4. LOCAL FIBER SPACES 


Let p bea map: E—-B. Weshall call the triple (£, p, B) a local fiber space if 
for every point b « B there exists a neighborhood U of b such that the triple (p—' (UV), 
U, p) (with p restricted to p—'(U)) is a fiber space. 

In a similar way we localize the concept of the regular fiber space. 

Every fiber space is obviously a local fiber space. Remarkably, the converse 
statement holds under very general conditions. The main result of this paper is the 
following: 

UNIFORMIZATION THEOREM. A (regular) local fiber space (E, B, p) is a (regular) 
fiber space in the large, provided that B is paracompact (e.g., if B is metric). 

The theorem asserts that-local lifting functions can be ‘‘matched” into a uniform 
global lifting function. 


5. PROOF OF THE UNIFORMIZATION THEOREM 


An open covering {U,} of a space X will be called normal if for every set U, there 
exists a real-valued, continuous function defined on X, which has positive values on 
U, and vanishes outside U,. If X is a normal space, every (open) loc. finite cover- 
ing of X has a refinement which is both loc. finite and normal. Using the fact that 
paracompact spaces are normal, it follows that every covering of a paracompact 
space has a normal loc. finite refinement. Hence the uniformization theorem is 
contained in the following statement, which does not depend on the assumption 
that B is paracompact. 

5.1. Letpbeamap: E—>B. Suppose that B admits a loc. finite, normal cover- 
ing {U,} such that for every U, the triple (p—'(U,), U;, p) ts a (regular) fiber space. 
Then the triple (E, B, p) is a (regular) fiber space. 

Given a subset W of B', let W be the set of all triples (e, w, s) with e e LE, w « W, 
0<s < 1,w(s) = p(e). By an extended lifting function over W is meant a map A: 
W — E', satisfying the condition 


pA(e, w, 8) = w, A(e, w, 8) (s) = e 


for every triple in W. The set W will be called liftable if an extended lifting func- 
tion can be defined over W. It is quite easy to show that the whole path space 
B’ is liftable if and only if (2, B, p) isa fiber space. (In other words, the existence 
of a lifting function over B’ implies the existence of an extended lifting function.)** 

According to the assumptions of 5.1, each set U,’ (regarded as a subset of B’) is 
liftable. For each finite sequence of indices (71, rz, . . . , 7) we denote by W,,,,. . . 1 
the subset of B! consisting of paths w satisfying 

1— | 


w(t) € U,, for i et So 1 


5.2. The sets Wy... ry, (with varying k) form a normal covering of B'. This 
covering has a loc. finite normal refinement. 

The easy proof is based on the fact that for a fixed k the sets of 5.2 form a 
loc. finite system. 

Now we show 

5.3. Each of the sets W,,>,. . .r, 1s liftable. 
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Proof: Let A, be an extended lifting function over Be! t= 1,2,...,%. Com 
sider a fixed triple (e, w, s) « W nr . serge. ~=Suppose that (n — 1)/k < s < n/k (n an 
integer). For 7 = 1, 2,...,k, let w, « B’ denote the function which coincides with 
w for (« — 1)/k < t < i/k and is constant elsewhere. Now we define the path r « 
EL" in the following way. First, we define 7 for the interval (n — 1)/k <t < 
n/k by setting 


n— | 


k 


r(t) = A,(e, w,, 3) (2), 


P ( (= 
4an—l oo k » Wn ly 


and then set: 


We have pr = wand r(s) = e. Consequently, the function which assigns 7 to the 
triple (e, w, s) is an extended lifting function. According to 5.2 and 5.3, the proof 
of 5.1 is completed if we prove the following lemma: 

5.4. Suppose that B' admits a loc. finite, normal covering {W,,} such that each set 
W,, is liftable. Then the triple (E, B, p) is a fiber space. 

Proof of 5.4: For each set W, we select (a) a continuous, real-valued function 
f,(w) (we B') which has positive values on W, and vanishes outside W,, and (b) an 
extended lifting function A, over W,. We may assume that the set of indices yu 
is linearly ordered. Fora given w ¢ B’, let 


a eee 5 


be all those indices for which w « W,. We set 
re Sud) 
+=] 

= ; . 
3 Fu,fo) 
+=1 


dr 
Letting ¢ « E be a point with p(e) = w(0), define a path 7 e E’ (depending on w and 
e) in the following way: 


r(t) = A, (e, w, 0) (t) forO <tc, 
r(t) = Ay, (rq); w, 9;) (0) forg, St < dus 


The path 7 depends continuously on (e, w) and satisfies 7(0) = e, pr = w. Hence 
we have defined a lifting function over BY. 

Remark: If local regularity is assumed in 5.1, an obvious modification of the 
preceding proof (regularity condition imposed on all lifting functions used in the 
proof) would yield a regular lifting function as an end result. 
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6. GENERALIZATIONS 


Consider two triples a = (2, B, p) and a’ = (E’, B, p’), where p and p’ are maps 
of F and EF’, respectively, into B. Let BE” < FE X E’ consist of all pairs (e, e’) with 
ple) = p’(e’), and let p” be the projection E” —~ E’. We shall say that a is a 
(regular) fiber space relative to a’ if the triple (E”, E’, p”) is a (regular) fiber space. 

[t is quite easy to see that an absolute (regular) fiber space is a relative (regular) 
fiber space with respect to every triple a’ = (’, B, p’). Furthermore, the triple 
a = (EF, B, p) is an absolute (regular) fiber space if and only if a is a relative (regu- 
lar) fiber space with respect to the triple (B, B, 7}, where 7 is the identity map. 

The Uniformization Theorem implies 

6.1. <A local (regular) fiber space (E, B, p) is a global fiber space relative to every 
triple (E’, B, p’) in which EK’ ts paracompact. 

CoroLuary. Any local fiber space (EL, B, p) satisfies the covering homotopy condi- 
tion for maps of paracompact spaces.* 

In fact, let Y be paracompact and let F: X XK | > B, f: X > E, pf = F\X x 0. 
Since, as well known, XY X / is paracompact, (/, B, p) is a fiber space relative to 
the triple (X x /, B, F). Let f’: X + E” < X XIX E be defined by f’(z) = 
(x, 0, f(x)). We now apply the covering homotopy condition to the fiber space 
(k", X X I, p”), substituting f’ for f and the identity map X K J ~ X X I for F. 
This gives a map of X X J into £", which, followed by the projection E” > EF, yields 
the desired covering homotopy F. 

Let us observe that in case (FE, B, p) is locally a regular fiber space, F can be 
chosen so that the strong covering homotopy condition (see sec. 3) is fulfilled. 

7. SLICING FUNCTIONS 

Let p be againamap #—~B. Let V beasubset of FE X B. By a slicing function 
over V (belonging to the triple (2, B, p)) is meant amapo: V — E such that (1) 
po(e, b) = b for every (e, b) « V and (2) (e, p(e)) « V implies o(e, p(e)) = e. 

Consider the following properties of the triple (2, B, p): 

1. There exists a neighborhood U of the diagonal D in B X B such that a slicing 
function can be defined over the set V consisting of pairs (e, b) with (p(e), b) e U. 

2. Each point 6 of B has a neighborhood W, such that a slicing function can be 
defined over p~'(W,) XK W,. 

3. The triple (2, B, p) isa regular fiber space. 

Property 1 essentially defines fiber spaces in the sense of Steenrod-Hurewicz.‘ 
Property 2 defines fiber spaces in the sense of Hu.® It is clear that property 1 im- 
plies property 2. It is equally clear that a triple satisfying property 2 is a local, 
regular fiber space. Therefore, according to the Uniformization Theorem, prop- 
erty 2 implies property 3, provided that B is paracompact. This means 

7.1. A triple with property 2 satisfies the strong covering homotopy condition for 
maps of arbitrary spaces. Without the assumption that B is paracompact, it still follows 
from 6.1 that the covering homotopy condition is satisfied for maps of paracompact 


spaces.® 


7.2. If Bisa metric absolute neighborhood retract, properties 1, 2, and 3 are equiva- 
lent. 

It suffices to show that property 3 implies property 1. As is well known, for a 
suitably chosen neighborhood U of the diagonal in B X Bamap g: U — B’ can be 
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defined such that, for (b;, bz) « U, ¢ (b1, 62) is a path joining }; to b. which degenerates 
into a single point in case b; = be. For (p(e), b) e U, let o(e, b) denote the end point 
of the path A(e, g(p(e), b)), where ) is a regular lifting function. @ is clearly a slicing 
function. Incidentally, this shows that the set U in property 1 can be chosen inde- 
pendently of F and p. 


* The results of this paper were presented to a seminar at the Institute for Advanced Study in 
January, 1954. 

! This shows that fiber spaces in our sense are less general than fiber spaces in Serre’s sense (see 
J. P. Serre, Ann. Math., 54, 425-505, 1951), who requires the covering homotopy condition only 
for maps of polyhedra. It is easy to give examples of fiber spaces in the sense of Serre which are 
not fiber spaces in the sense used in this paper. 

2 If £ and B are metric spaces, then Q, is metric too, and it follows from the proof given above 
that in this case the covering homotopy property for maps of metric spaces implies the covering 
homotopy property for maps of arbitrary spaces. 

* For w « B’, s € I, let ws, w® be paths defined by w,(t) = wo(s — t) foro Zt Z s, a(t) = a(o) 
fors Zt Z 1l,w(t) = o(s +t) foro Zt Z21—s,0(t) = o(1) for! —s Zt Z 1. Then, given 
a lifting function X(e, w), an extended lifting function A(e, w, s) can be defined by setting A(e, w, s) 
(t) = Xe, w)(s — t)foro Zt Z sand A(e, w, s)\(t) = Ae, w(t — s)fors Zt Z 1. 

3 Tf B is paracompact, then, according to the Uniformization Theorem, the covering homotopy 
condition is satisfied for maps of arbitrary spaces. 

4 W. Hurewicz and N. E. Steenrod, these PRocEEDINGs, 27, 60-64, 1941. 

5S. T. Hu, Proc. Am. Math. Soc., 1, 756-762, 1950. 

6 This result has been established independently by W. Huebsch in a recent paper (Ann. Math., 
61, 555-563, 1955). 


ON THE SPECTRAL SEQUENCE OF A FIBER SPACE 
By Wiro_tp Hurewicz AnD EpwWaArD FADELL 
Massachusetts Institute of Technology and University of Wisconsin 
Communicated by O. Zariski, August 16, 1955 


1. Introduction.—Let (X, B, r) denote a regular fiber space in the sense of the 
preceding note,' let B be arewise connected, and let F = 2! (b) be the fiber over a 
fixed element b « B. Also, let £,, F2, . . . denote the spectral sequence associated 
with (XY, B, x) and d;, ds, . . . the corresponding differential operators, with d,: 
E,—> E;,d;2 = 0.2 It is well known that F, is determined by B and F. Moreover, 
in case 7,(B) = 0 (or, more generally, in case 2;(B) operates trivially on H(F)), F2 
is completely determined by B and F, and, in fact, £.” * = H,(B, H,(F)). In the 
present note we outline a proof of the following theorem which generalizes this re- 
sult. The details will appear elsewhere. 

TueoremM. If B is r-connected, 7.e., r(B) = 0,% < 7, then the first r + 1 terms of 
the spectral sequence E,, E2, . . . and the first r of the corresponding differential oper- 
ators d,, ds, . . . are determined entirely by B and F. Hence E; = E, for2 <i < 
r+ landd, = Ofor2 <i <r (since, as is well known, FE; = EF, and d; = 0 fori > 2 
incase X = BX F). 

2. The Basic Map.—Let u denote a singular cube in X of dimension n. A co- 
ordinate index 7, 1 < 7 < n, is called “db” (degenerate base) if 
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for arbitrary choice of xj, y;, i.e., ru is independent of the 7th co-ordinate. A co- 
ordinate index is called “pb” (proper base) if it is not db. The reduced dimension 
of u (dim, wu) is defined to be n — q, where q is the number of db co-ordinates for wu. 
The group A of singular cubical chains of X (integral coefficients) is then filtered 
by setting A” equal to the group generated by cubes u such that dim, u < p.* 

Now let (X’, B, x’) denote another fiber space over B, with F’ the fiber over b and 
A’ the singular chains of XY’. Furthermore, let \ and \’ denote lifting functions in 
the sense of the previous note for (X, B, x) and (X’, B, x’), respectively. If 
f:F — F’ is a given map, we define a homomorphism 
f:AzA’ 
as follows. Let u denote an n-cube in X. For x = (m,...,2,) € 7" (the funda- 
mental Euclidean n-cell), let u, denote the are 


uz(t) = u(ai(t),..., ra(t)), 
where x,(¢) = tx, or x; according as 7 is pb or db for u. Set 
(fu) (x) = \’(fluz(0) J, Tur) (1). 
Since it is clear that x’fu = zu, f preserves filtration, i.e., f(A”) ¢ A’. However, 
fis not a chain map. This is, of course, the crucial point. However, since \;fu = 
f <u for ¢ db,* we may conclude that the induced mapping 


A’ A” 


f 


“< ———— : » 
ees A’?-! 


is a chain map and hence induces homomorphisms 
fa’: H,(A , A p—1) _ E\”: {— EK’; {= H,(A 7 A ms al 


where p + g = n. It is a simple matter to show that fx! is independent of the 
lifting function \’ used. 

3. The Fundamental Identity —Let C, ¢ A denote the subgroup of A generated 
by singular cubes whose faces of dimension <r are contained in the fiber PF. The 
corresponding subgroup of A’ will naturally be denoted by C,’. We state without 
proof the following lemma. The proof of the previously stated theorem is essen- 
tially based on this lemma. 

Lemma. For 1 <i < 1, there exist homomorphisms D,: C, ~ C,' satisfying the 
following conditions. Let u denote an n-cube in X. 

t) fue, A A*, thn DuweC, a AP 1S 9 < 6. 

it) IfweC, 2 A’, dfu —fdu = dADu — D,du+ Ru), with R(u) « A’?-7!, 

i=1 

We will refer to condition vi as the “fundamental identity.” 

4. The Proof of the Theorem.—We employ the following definitions for the terms 
of the spectral sequence. EF,’ *,1 <j < o, is the image of 7x, where 


ix: H,(A?, A?-t\ => H,(A?+-1, A?-!), n=p + q; 


is the map induced by the natural injection 7. Furthermore, the differential oper- 
ator 
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me i) p—J, @+3—1 
dj: Ej?) *—» Ey ¢+4 
is merely the boundary operator 
dx: H,(A?+)-!, A?-!) —> H"~'(A?-1, AP?) 
for the triple (A?+/-!, A?-!, A?~4-!) restricted to Ej)", n = p+ q. 

From now on we assume that 7(B) = 0,1 <7i< r. If we can prove that fy! 
commutes with d,, it will follow that fx! induces a homomorphism fx?: Ey > F2’, 
and if we can then prove that fx? commutes with ds, it will follow that fx? induces a 
homomorphism fx’: EL; — F;', etc. We proceed in this manner to show that f 
F — F’ induces homomorphisms 

fe’: Ey > E;f for 1<t<r+l. 
First of all, since B is r-connected, it follows easily that, in defining the spectral se- 
r 
quence, we may replace A by C”. Furthermore, let ¢ = f — )> D;. Then, for 
i=1 
c « A”, g(e) — f(c) « A’?~'. Therefore, ¢ induces the same map A?/A?-! —> 
A’?/A’®~! as does f, and hence, in what follows, ¢ will induce the same mappings 


fe: E, 2 E,’, l<i<rt+l, 
as does /. Suppo~ , by induction, that we already have the induced homomor- 
phisms 

fei: E, > E/’ 
forl <i<k,k <r. We have the induced map 


fan ts: Et oie Ey+1', 
provided that d, commutes with f°. It suffices to take a chain ¢ « A” and show 
that ¢ dc = 0 ge modulo A’?~*—'. But, employing the fundamental identity, we 
¢g g ying y; 
see that 


0¢c — ¢ dc = O fe _ f 0c — (x 0d Dic) — D,; ae), 


t=1 


and hence 0 gc — ¢ dc € A’?~"—! © A’?-*—' fork <r. Therefore, difx* = fx*dk, 
and we then have the induced homomorphism 


Ja" *: Ey+1 => Eiu+1'; 
and, in general, then, the map f: F — F’ induces homomorphisms 
fa’: Ey > Ey! 


for 1 <i< r+ 1, with difx' = fx'd; for 1 < i <r. Let us now make the addi- 
tional assumption that the fibers F and F’ are of the same homotopy type and 
that f: F — F’ is one-half of a homotopy equivalence. Then it is easy to see that 
f is one-half of a chain equivalence, and hence fx': £; — F,’ is an isomorphism 
onto. Therefore, fx‘: E; > /;’ is au isomorphism onto for 1 < 7 < r + 1, which 
proves the validity of the theorem. 
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‘In this note all fiber spaces and corresponding lifting functions will be assumed regular in the 
sense of the preceding note (pp. 956-961). 

2 J.P. Serre, Ann. Math., 54, 425-505, 1951. 

3 This filtration using ‘‘unordered’’ degeneracies differs from that employed by Serre (op. cit.) 
but can easily be shown to yield the same spectral sequence. 

‘\;“u, « = Oor 1, denotes the n — 1 cube obtained by restricting u to the face x; = «. 
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ON SOME PROBLEMS IN ABSTRACT ALGEBRAIC GEOMETRY* 
By Jun-tcui IGusa 
DEPARTMENT OF MATHEMATICS, HARVARD UNIVERSITY, AND KYOTO UNIVERSITY, JAPAN 
Communicated by Oscar Zariski, August 16, 1955 


1. Introduction—There are some unsolved problems in abstract algebraic 
geometry which in the complex case give rise to a group of fundamental theorems. 
These problems are haunting not only abstract geometers but even Italian geom- 
eters. The author has especially in mind the problem of finding a purely algebraic 
proof of the completeness of characteristic lear systems.! Now, we shall see that 
no algebraic proof exists which is independent of the characteristic of the universal do- 
main, because the completeness is false in the modular case! In fact, we shall con- 
struct a nonsingular algebraic surface with the invariants g = 1, h' ° = h®! = 2. 
Here g is the dimension of the Picard variety, h' ° is the number of linearly inde- 
pendent linear differential forms of the first kind, and h® ! is the maximum char- 
acteristic deficiency, i.e., the deficiency of the complete linear system of hypersur- 
face sections of a sufficiently high order. In particular, the inequality g < h* °, 
which we have shown in general,” cannot be replaced by an equality in the modular 
case. Also, if we construct the surface over a finite field, its zeta function gives 
(1 + #)? (1 + &) as its Poincaré polynomial.* Therefore, the 1-dimensional Betti 
numbers which are defined by zeta function and by sheaf theory’ are different. The 
author hopes that the above may help algebraic geometers to recognize the differ- 
ence between complex and modular algebraic geometries. 

2. The Example.—Let A; and A» be two Abelian varieties of dimension | both 
defined over a field ky of characteristic 2. We shall assume that the absolute in- 
variant of A; isnot 0. Then A; has one (and only one) point ¢ of order 2 other than 
the neutral element We shall denote by z: and 2. points of A; and As, respectively. 
Let V be the product A; X A». We then define an everywhere biregular birational 


mapping s of V onto itself by 


$824; = 2 + f, 822 = —2Z2. 


We note that s is defined over the field k = ko(t). Since s has no fixed point, by 
Chow’s theorem,’ the associated variety V of pairs of corresponding points is non- 
singular. We shall denote by z the identification mapping of V onto V. Then 
(V, +) is unramified over V, and hence local parameters of V at any point of V 
form local parameters of V at each point of the two corresponding points of V. 

Let A be the associated variety of pairs of points 2; and z,; + ¢ of Aj, and let A be 
the identification mapping of A; onto A. Then A becomes an Abelian variety such 
that \ is a homomorphism of A; onto A. We shall show that A is the Albanese 
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variety of V. Let f be a mapping from V into an Abelian variety B. Let K be 
an extension of k over which both B and f are defined. Then f o + decomposes 
uniquely into homomorphisms yu; and yo of A; and A, into B and a translation in B 
all defined over K.6 Now let (2, 22) be a generic point of V over K. Then K(m21, 
oz) is contained in K((z:, z2)), and the latter field is element-wise invariant under 
the automorphism s of K(2:, 22). Therefore, s(u121, w2z2) = (uiz1 + wit, — wez2) coin- 
cides with (121, u222). In other words, we have wit = 0 and 2yoz. = 0. Since z isa 
generic point of A» over K, this implies 2u. = 0, and hence gw. = 0.7 Since yp; satis- 
fies wit = 0, we conclude that 4; must go through A, completing the proof. It can 
also be shown that A is at the same time the Picard variety of V3 

Now we shall show that h' ° = 2. Let &, and @ be forms of Maurer-Cartan on 
V, coming, respectively, from A; and A».2 Then we have 6s(&,) = &, and, the 
universal domain being of characteristic 2, we also have 


6s(@e) = — We = We. 


Since z is separable, @; can be written as 627(w;), with linear differential forms w; on 
V. However, since (V, 7) is unramified over V and since &; are of the first kind on 
V, we conclude that «; are also of the first kind on V. It is now clear that «, and 
ws form a base of linear differential forms of the first kind on V. 

As a corollary, the canonical class of V is 0. Therefore, the geometric genus p, 
of Vis1. We shall now show that the arithmetic genus p, of Vis —1. Because of 
the construction of V, a special hyperplane section C of V can be found such that 
C = r~(C) is of the form a X Az + A; X 6. Herea and 6 are positive divisors 
of A, and Ag of degrees a and b, respectively, both invariant under s. Now (JV, z) is 
unramified over V, and hence V is of order ab. Therefore, by the Riemann-Roch 
theorem for surfaces,'® we get l(nC) = '/2:abn? + (1 + p,) for n sufficiently large. 
On the other hand, if M, and N, are, respectively, the modules of functions on 
A, and A, which are multiples of —na and —nb, then the module I, of functions 
on V which are multiples of —nC is simply the tensor product of M,, and N, over 
the universal domain.'' Therefore, by the Riemann-Roch theorem for curves, 
we get I(nC) = abn?. Thus the two equations 1 + p, = 0 and I(nC) = 2-U(nC) 
are equivalent. Now let d = 1 + s be the trace mapping of the function field of 
VY to the function field of V. Then, the universal domain being of characteristic 
2, we have d? = 0. We note also that M,, N,, and I, are stable under d. More- 
over, d acts on IM, as a derivation: d(fg) = df-g + f-dg + df-dg. Let M, and 
M,, be the kernels of d as operators of M, and I,. Then M, is the module of 
functions on V which are multiples of —nC, and similarly for M,. Hence, again 
by the Riemann-Roch theorem for curves, the sequence 0 > M, > M, > M, +0 
is exact. Since we are dealing with vector spaces, by a purely formal argument we 
can conclude that the sequence 


O—> ,M—> M, $M, + 0 


is also exact. Therefore we get dim I, = 2-dim M,, ie., (nC) = 2-1(nC).” 
Now the Riemann-Roch theorem for surfaces implies that h® ! = p, — pa,'* whence 
h® ! = 2. 

Finally, if & is a finite field with g elements, the zeta function of V over k can be 
calculated in the following way: The self-mapping s of V induces two automor- 
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phisms s; and s» of the function fields &(A,;) and k(A,) of Ay and A, over k. They 
generate groups of order 2, say, G; and G», such that the invariant subfields are 
k(A) and k(D), D being a projective straight line. Let x10, x1 aud x20, x2 be char- 
acters of G,; and G, such that xu(s1) = x2(s2) = —1. They determine L-functions 
Lyo(u), Ly(u) and Loo(u), Le(u) of Ay and A, over k. We denote by n,(10), n,(11) 
and n,(20), n,(21) the numbers appearing in the coefficients of w’~! in the power- 
series expansions of the logarithmic derivatives of these L-functions. Also, let N, 
be the number of rational points of V over the extension of k of degree »v. Then, 
by a calculation of cycles, we conclude that 2N, = n,(10)n,(20) + n,(11)n,(21). 
However, if (1 — ayu) (1 — au) and (1 — Bu) (1 — Bu) are numerators of the zeta 
functions of A; and Ag, respectively, we have n,(10) = n,(11) = 1+ q’ — (a, + 
as”), n,(20) + n,(21) = 2(1 + q’) and n,(20) — n,(21) = —2(6,” + 6.”),'* whence 
N, = (1+ q) (1 + qq’ — a” — a’). Therefore, if we denote by Z(u) the zeta 
function of A, which is the same as that of A,, then the zeta function of V is simply 
Z(u)Z(qu). The surface V now has all the properties stated in the Introduction. 

3. Further Examples.—Some algebraic geometers may object to our example 
because of the exceptional character of the case of characteristic p = 2. However, 
we can construct nonsingular varieties having similar properties for any given 
p ~ 0. In fact, for p > 2 we take a curve of genus '/2:(p — 1) having a self-bira- 
tional mapping of order p. We can take, for example, a plane curve defined by the 
equation X,? — Xo’~!X_ + Xo??X,? = 0. Then the Jacobian variety of its non- 
singular model has an automorphism s, of order p. We can take this Jacobian 
variety as the second factor A» of the product V, and for the first factor A; we again 
take an Abelian variety of dimension 1 having points of order p. Now the rest of 
the argument is similar to the case we treated before. 

Along the same lines, we can construct a nonsingular 3-dimensional variety with 
the invariants g = 0, h' ° = 3.° Therefore, we can find a nonsingular algebraic 
surface whose Picard variety is 0 and which has arbitrarily many linear differential 
forms of the first kind. 


* This work was supported by a research project at Harvard University, sponsored by the 
Office of Ordnance Research, United States Army, under Contract No. DA-19-020-ORD-3100. 
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ON THE CONJUGACY OF REAL CARTAN SUBALGEBRAS., I 
By Berrram Kostant 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF CHICAGO 
Communicated by Saunders Mac Lane, September 2, 1955 


Among the questions which have been raised concerning the structure of a 
connected semisimple Lie group are those relating to conjugacy of its Cartan sub- 
groups. 

In case the group is either compact or complex, it is a well-known fact (and in- 
deed a fundamental one) that all Cartan subgroups are conjugate. It is also known 
that this is not true in general. The interest in the general case is heightened as 
a result of statements of Harish-Chandra! relating the “classes of conjugate Cartan 
subgroups and the various ‘series’ of unitary representations which occur in the 
Plancherel formula.” 

It is clear that one may reduce the problem to a consideration of the conjugate 
classes of Cartan subalgebras (C.S.’s) of a real, simple Lie algebra (conjugate, under 
the action of the adjoint group).2 Moreover, in view of the above, one may restrict 
the Lie algebra to be a real noncompact form of A;, B;, C;, D;, Go, Fs, Es, Ez, and Es. 
It is the purpose of this note to list a series of general theorems enabling us to “de- 
termine” the conjugate classes in every one of the real forms mentioned above. By 
“determine” is meant, among other things, giving (1) the number of conjugate 
classes, (2) the numper of classes for which the “‘vector part”’ (or “toroidal part’’) 
of a C.S. in that class has a given dimension, (3) a characterization of each conjugacy 
class with respect to the full group of automorphisms. (This may be done in all 
but a few cases by giving the centralizers of the “vector and toroidal parts’”’ of a 
C.S. in that class. A more convenient type of characterization may be given in 
the case of all but one classical algebra. ) 

In a succeeding note, tables will be given listing enough of this information so 
that every C.S. (up to conjugacy by the full group of automorphisms) in all the real 
forms mentioned above may be identified. A list of all W-subspaces of the simple 
complex algebras up to C-conjugacy (see below) will be included also. Proofs and 
further elaboration will appear elsewhere. 

Let go be a real, semisimple Lie algebra. Let Go be the adjoint group. Let 
fy be the subalgebra of g» corresponding to a maximal compact subgroup Ky ¢ Go. 
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Let po be the orthogonal complement to f) in go with respect to the Cartan-Killing 
bilinear form B. Then go = fo + po. 

Let mo be a maximal commutative subalgebra of go contained in po. The group 
Ky leaves po invariant. Let W, be the group of transformations of my induced by 
the subgroup of Ko which leaves mp invariant. W, is a finite group. 

Let bo be a Cartan subalgebra. Let bo~, the “vector part” (ho+, the “toroidal 
part”), be the subspace {X € bo| the eigenvalues of adX are real (pure imaginary) }. 
Then ho = bot + bo-. 

We will call a Cartan subalgebra bo standard if bo+ ¢ fo) and 5 € mo € pp. 

Theorems, essentially equivalent to our first four theorems, have been proved 
independently (unpublished) by A. Borel. 

THEOREM |. Every Cartan subalgebra is conjugate to a standard Cartan sub- 
algebra. Moreover, two standard Cartan subalgebras are themselves conjugate if and 
only if their “vector parts”’ are conjugate with respect to W,.* 

Let q be the complexification of go. Let 6 be the complexification of a Cartan 
subalgebra of go containing mp. Let 6° be the real subspace of § spanned by the 
roots. Then 6 = 6° + 7h’ and go n 6° = mo. We may regard the Wey! group W 
or the Cartan group C associated with g as operating in 5’. 

We will call a subspace of b° a W-subspace if it is the eigenspace belonging to 
the eigenvalue —1 of an element of order 2 in W. 

Lemma i. | ¢ 6° is a W-subspace if and only if it has a basis of orthogonal (with 
respect to B) roots. 

Where [+ means the orthogonal complement of { with respect to B in bh’, we have 

THEOREM 2. 0 © mo 2s the vector part of a standard CS. of qo if and only if n is of 
the form mo n (+, where l © mo and lis a W-subspace. 

THEOREM 3. The group W, is obtained by the transformations induced on mo by 
the subgroup of W leaving mo fixed. Moreover, two W-subspaces of mo are conjugate 
with respect to W af and only if they are conjugate with respect to W,. 

We are thus reduced to the study of how W conjugates the W-subspaces. As- 
sume that.g is simple. We begin with Theorem 4, which tells how W acts on one- 
dimensional W-subspaces. 

THEOREM 4. The orbits of W acting on the set of roots are the subsets of all roots 
having the same length. 

For a subspace [ ¢ 6°, let g[{] denote the complex subalgebra of g generated by 
{ and those root vectors whose roots are in {. Let {,, denote the hyperplane in 6° or- 
thogonal to the root ¢. 

For any root a we will say that a root @ is related to a if (a) Bla, 8) = 0; (b) 
B(a, a) = B(B, 8); (c) for any root ¢, B(a, ¢) = 0, ¢ ¥ +8 implies B(B, ¢) = 0. 

If we now say that a root is related to itself and its negative, we have 

THEOREM 5. The relation above is an equivalence relation partitioning the roots 
into equivalence classes. 

Clearly C preserves these classes. If we order the roots in any one of the usual 
ways and define n, to be the number of positive roots in the equivalence class of 
g, we have 

THEOREM 6. g[f,] = (n, — 1)Ai @ g,, where g, is simple or simple QD, (the 
latter case occurs only in A,).* Also, then, —1 copies of A, are in fact g[(¢;)], where 
y, runs through positive roots other than ¢ which are related to ¢. 
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The key factor in our method of determining the class of W-conjugate W-sub- 
spaces‘ is the simplicity of [q,, q,] in the above theorem; it enables us to repeat 
the use of Theorem 4, that is, in view of Lemma 1 and 

Lemma 2. For any X ¢ 6°, let Ax be the set of roots ¢ such that B(g, X) = 0; then, 
if c e W leaves X invariant, o is generated by the reflections through |, for ¢ € Ax. 

We need f 

Lemma 3. Let W, be the (commutative) subgroup of W generated by reflections 
through {, for all 8 related to a. If ¢ is not related to a or orthogonal to a, then the set 
+W.¢ is a union of equivalence classes. 

Lemma 4. Jf (is a W-subspace and a « |, then, if B is related to a, either B € 1 or 
Belt. 

For a W-subspace |, let n ¢ { be the subspace generated by all @ « { such that [ 
contains all 8 related to a. Both n and n* n [are W-subspaces. We will call [ 
complete ifn = [, incomplete if n # [, and totally incomplete if n = 0.5 

Because B, = C2, our definitions make B, a degenerate case (its W-subspaces up 
to W-conjugacy are obviously 0, (¢), (¥), and 6’, where ¢ and y are roots and B(y, 
Y) = 2B(¢, ¢)). The following theorems are our main results: 

THEOREM 7. Assume that g is classical but not Bo; ther two W-subspaces {, and 
l, are conjugate with respect to the Cartan group if and only if 


dim , = dim to, dim = dim tw. 


They are conjugate with respect to W if and only if these conditions hold, with the fol- 
lowing exceptions: g = D4, dim | = 2, dimn = 0 (three conjugate classes), and g = 
Dy, k > 3,dimt = k, dimn = 0 (two conjugate classes). 

For the exceptional Lie algebras two W-subspaces are W-conjugate if and only if 


they are C-conjugate. For any subspace { ¢ 6’, let A[{] be the set of rootsin{. We 
now have 


THEoREM 8. I[f g is any simple complex Lie algebra and |, and , are two W-sub- 
spaces, then |, and {, are C-cunjugate if and only if there exist (one to one, onto) maps 
iandj (i: A[h]— Afb], 7: A[h*+] > A[l+]) which preserve the structure (length, addi- 
tion, negatives), with the sole exception g = Dy, k > 3, dim, = k, dimm = 0, dim 
, = k,dimm, = 2. In this case maps i and j exist but t, and are not C-conjugate. 

Returning to a real form go of g and a C.S. be € go, we first observe that ife+ and 
bh) are complementary orthogonal subspaces of some ’ ¢ g. Consequently, we 
may speak of A[zho+] and Albho~]. We have, finally, 

THEOREM 9. For areal, simple Lie algebra qo, the structure of Alibo*!, together with 
that of A[bo~], uniquely determines the conjugacy class of any C.S. bo under the full 
group of automorphisms of qo, with the sole exception g = Dy, k > 3; go ts the unique 
real form for which dim 1) = 2k. For this case, corresponding to the pair of non- 
conjugate W-subspaces |, and |, of Theorem 8, there exist two distinct conjugate classes 
of C.S.’s both determining, for a representative CS. bo of either class, identical struc- 
tures for Aliho*] and for A|bo~ |. 

We may substitute the adjoint group for the full automorphism group in the above 
statement, altering only the exceptional case by letting k > 2. Corresponding now to 
the exceptional W-subspaces of Theorems 7 and 8 there are three distinct conjugacy 
classes of C.S.’s all determining, for a representative C.S. bo, identical structures for 
Alibet+] and for A[bo~]. 
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* Based on research supported in part under Contract N6ori-02053, monitored by the Office of 
Naval Research, 

' Harish-Chandra, “Plancherel Formula for the 2 X 2 Real Unimodular Group,” these Pro- 
CEEDINGS, 38, 337-342, 1952. 

2 In general, the word “‘conjugate”’ will be used to mean transformable with respect to the ac- 
tion of the group under consideration. When speaking of conjugacy of C.S.’s, this group will be 
understood to be the adjoint group unless the full group of automorphisms is specified. 

3 D,, the one-dimensional complex Lie algebra, is not semisimple, and D; = A; @ A; is not simple 

‘ We say that 1; C 4, 2 ¢ bh’ are W- (resp. C-) conjugate if that can be carried into one another 
by an element W (resp. C). 

5 A maximal W-subspace containined the subspace 9 C h® associated with a real form is always 
complete or totally incomplete. 


PROOF OF FERMAT’S LAST THEOREM FOR ALL PRIME EXPONENTS 
LESS THAN 4002 


By J. L. Setrrinar,* C. A. Nico, anp H. 8. VANDIVERT 
UNIVERSITY OF CALIFORNIA AT LOS ANGELES AND UNIVERSITY OF TEXAS 
Communicated August 4, 1955 


The present paper contains the details of an extension of the result! of D. H. Leh- 
mer, Emma Lehmer, and H. 8. Vandiver, who, in a joint paper (which we will 
call “Paper F1’’), proved last year that 


a” oe y" —_ s*, (A) 


with n a positive integer and x, y, and z nonzero integers, is impossible for 2 <n < 
2003. In another paper? (which we shall call ‘Paper F2’’) the limit was carried 
ton < 2521. Here we extend the limit to n < 4003, with the aid of the rapid com- 
puting machine in Los Angeles known as the “SWAC,” at the Department of 
Mathematics, University of California. The Numerical Analysis Research staff 
at the university kindly permitted us to use the machine, and the necessary 
calculations*® were carried out by C. A. Nicol and J. L. Selfridge, under the 
general supervision of Dr. C. B. Tompkins. The criteria applied are the same as 
those used in Papers F1 and F2, and we will repeat the statement of them here. Let 
B, = '/¢, By = '/30, ete., be the Bernoulli numbers, expressed in lowest terms, and 
consider the set B,, Bs,..., By-1; 4 = (1 — 1)/2; let 


2. Bigs, Ye ate Bas (1) 


be the only numbers in the above set whose numerators are divisible by the odd 
prime /. If the second set is null, then / is said to be a regular prime; otherwise, 
irregular. 

The first criterion is 

THEOREM I. Jf l is a given regular prime, then 


v+y'+2'=0 (2) 


is impossible for rational integers x, y, and z, none zero. 
Let ¢ be any integer such that /* # 1 (mod p), where p is a prime of the form 
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p=kl+1<P—-l. DefineQ,,by 


«gl ae cle. pi — ai 
Q.;, = II (¢ 1) ) 
b=1 


MB 
Aunt ree = ‘ Ps 
where d = >- j'~*%. The second criterion is 
a 


TueoreM II. Jf 
Q,;¢ # 1 (mod p) (4) 


holds fori = 1,2,..., 8, with s defined as in formula (1), then Fermat’s Last Theorem 
holds for exponent l. 

Certain patterns found in the computations ran about the same for the primes 
2520 < 1 < 4002 as for those found in the range 2 < / < 2520. In no case was s 
found to be greater than 3 in formula (1). In the computations for 2520 < 1 < 4002, 
111 primes / were found regular and 72 to be irregular, so that the percentage of 
irregular primes is 39.3 per cent, compared with 39.2 per cent as was found for the 
l’s less than 2520. On the other hand, if we take a comparatively short range and 
examine the number of irregular primes therein, percentages differ widely, as 
noted in Paper F1 (p. 28). It seems, then, that in long ranges these densities run 
about the same as if we had employed an infinite set of unequal integers at random 
in lieu of the numerators of the Bernoulli numbers. Also, it seems rather curious 
that in applying Theorem II to the irregular primes /, the smallest possible value of 
p = kl + 1 was all that was necessary in each case. 

The numerical data obtained by the recent computations constitute a permanent 
addition to our knowledge of special cyclotomic fields, as in Papers F1 and F2. 


Below is a table giving the values of l, 2a, p, Qa, and Q* for all irregular l’s > 2520 and 
<4002. lis the odd prime exponent in the Fermat relation p = 1 + kl, Qa, ts the left- 
hand member of equation (3), and 2a is twice the index of the Bernoulli numbers de- 
fined in formula (1) (that is, for example, if | = 2591, the table gives us the information 
that the set (1) for this value of l consists of Bayz and Bys7)._ If a prime in the range 
mentioned does not appear in the column for l, this indicates that | is a regular prime. 


2a p Q Q* l 2a Pp Q Qs 
2374 5087 2874 3675 3391 2534 20347 11718 12396 
1464 46027 10346 31916 3407 2076 20443 165 5569 
1730 30949 20224 15516 3407 2558 20443 2185 2879 
854 46639 27480 35209 3433 1300 20599 9322 9930 
2591 2574 46639 14648 14569 3469 1174 13877 4063 4928 
2023: 1772. 16724. ° 11163 6029 3491 2544 6983 1655 1689 
2633. 1416 94789 90215 54147 3511 1416 21067 #17145 6620 
2647 1172 10589 459 655 3511 1724 21067 12148 12676 
2657 710 37199 1459 2155 3517 1836 35171 114388 24123 
2663 1244 31957 13921 14014 3517 2586 35171 3681 12184 
2671 404 26711 9698 3527 3529 3490 35291 25496 8648 
2671 2394 26711 19779 2543 3533 2314 42397 8702 40118 
2689 926 26891 11867 20081 3533 «3136 42397 34896 
2753 482 5507 683 3901 3539 2082 7079 4156 
2767 2528 11069 4361 10176 3539 =. 2130 7079 5135 
2777 1600 55541 43674 32478 3559 344 35591 30599 
2789 1984 33469 25408 33434 3559 1592 35591 4155 
2789 2154 33469 2006 32102 3581 1466 21487 12308 
2791 2554 16747 10422 16708 3583 1922 21499 1888 
2833 1832 33997 17003 31267 3593 360 7187 2700 
2857 98 28571 27518 1089 3593 642 7187 3233 


NO dO dO bo 

Corior goign 
Io, ~ 
> “90 
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_ 





MATHEMATICS: SELFRIDGE ET AL. Proc. N. A. S. 


l 2a P Q Qk l 2a Pp Q Qt 
2861 352 =17167 212 7412 3607 1976 577138 17093 1156 
2909 400 52363 32341 16283 3613 = 2082) 336131 3050 27710 
2909 950 52363 30969 28666 3617 16 72341 39043 = 69085 
2927 242 23417 23152 12053 3617 92856 = 72341 41032 7998 
2939 332 5879 3064 5212 3631 1104. = 21787 13378 9782 
2939 1102 5879 1371 4240 3637 ©2526 14549 3725 3958 
2939 2748 5879 3383 4155 36387 3202 =614549—s-:13104 ~—s- 12008 
2957 138 41399 26112 23645 3671 1580 22027 2667 14412 
2957 788 41399 29003 10465 3677 =62238 =. 22063 9121 8225 
2999 776 =. 23993 7725 2338 3697 1884 88729 86756 53119 
3011 1496 96353 63487 53703 3779 2362 7559 397 6429 
3023 2020 6047 1795 5021 3797 =1256 22783 14961 15016 
3049 700 12197 5887 9839 3821 3296 7643 5619 7571 
3061 2522 18367 8128 1803 3833 1840 229981 205704 102074 
3083 1450 36997 7701 8857 3833 1998 229981 108648 194983 
3089 1706 55603 20686 19590 3833 3286 229981 177720 134347 
3119 1704 24953 5076 6865 3851 216 7703 2931 1916 
3181 3142 19087 6497 846 3851 404 7703 1449 4385 
3203 2368 19219 9151 546 3853 748 15413 12335 11989 
3221 98 38653 27100 8729 3881 1686 46573 14045 14056 
3229 1634 12917 10755 4858 3881 2138 46573 21487 25009 
3257 922 19543 4366 2891 3917 1490-31337) 30673 1592 
3313 2222 99391 29353 = =91133 3967 106 = 39671 28009 13824 
3323 3292 39877 6356 28714 3989 1936 47869 12641 7440 
3329 1378 6659 796 1011 4001 534 24007 7828 111 
3391 2232 20347 7575 6382 


Since Q; # 1 (mod p) for every / mentioned in the table, the results from the 
table indicate still further that if there are any improperly irregular cyclotomic fields 
(that is, when the second factor of the class number is divisible by /), they probably 
belong to a very restricted class,‘ and this brings out more strongly than before the 
importance of the regular, and also the properly irregular, cyclotomic fields. Also, 
using Furtwiingler’s’ theorem to the effect that the class number of any subfield of 
K(¢) divides the class number of the latter and the second factor of the class num- 
ber of K(¢), for the l’s referred to above, is the class number of A(¢ + ¢7'), then 
none of the class numbers for the subfields of the latter field is divisible by 7. In 
particular, the class number h of the field K( V1), where / = 1 (mod 4), is prime to 
l, for the said /’s. Related to this fact are the congruences obtained by Ankeny, 
Artin, and Chowla® involving a residue of h modulo /, written in terms of certain 
characters and greatest integer functions. 

Of course, in attacking a mathematical problem, one well-known method is to 
immerse the problem in a more general one. If we’ apply such a scheme to the 
Fermat problem, we at times find it quite convenient, but if we employ certain other 
types of generalization, we are led into some situations which exhibit somewhat 
surprising contrasts. In the first place, the equation 


x’ + y' = cz! (5) 


(1 given, cryz nonzero integers), which is equation (A) of this paper for c = 1, has 
been extensively studied,’ but mainly by generalizations of methods employed by 
Kummer in his examination of equation (A). For example, initially we may write 
the left-hand member of equation (5) as 


(x + y) (a + fy)... (e+ fy) 


and consider cases where c is limited in some way that enables us to conclude that 
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& + cry ge prwe', 
k =0,1,...,1— 1 forsome p;,; py, w* ek. Therefore, we might examine the relation 
x' + ay!’ = bz', (6) 


with a and b given rational integers, x, y, and z unknowns with abryz ¥ 0, and a not 
an [th power. Then, analogous to our first step in connection with equation (5), 
we might adjoin the Kummer field K( Va, ¢) and factor the left-hand member of 
equation (6) in that field. If this were done and we examined the form of each 
factor in terms of /th powers, if possible, we would probably encounter problems as 
deep and difficult as, or more so than, those encountered in connection with equa- 
tions (2) and (5), and the depth and complexity of the proof of Theorem I is well 
known. However it has been shown that many infinite sets of equations of the 
type (6) have no solutions for certain values of @ and b, by a quite elementary 
method ;? in fact, this method also applies to various equations of the type 


ax' + by' + cz' = 0. (6a) 


* The work of this author was sponsored in part by the Office of Naval Research and the 
Office of Ordnance Research. 

t Nicol and Vandiver did their work on the present paper under National Science Foundation 
Grant G1397. 
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RELATIVE QUASI-COMPACTNESS OF MAPPINGS* 
By Gorpon T. WHYBURN 


UNIVERSITY OF VIRGINIA 


Communicated September 14, 1955 


A mapping f(X») = Yo between topological spaces Xo and Yo is quasi-compact, 
provided that the image of each closed inverse set in Xo is a closed set in Yo, it being 
understood that an inverse set is a set U in Xo satisfying the relation U = f-f(U). 
Mappings of this type are of interest and significance because all natural mappings 
of decompositions of a topological space X into disjoint closed sets are quasi-com- 
pact, and, further, the natural decomposition of XY into point inverses generated 
by a mapping f on X in turn yields a natural mapping topologically equivalent to / 
if and only if f is quasi-compact. In this paper the quasi-compactness property 
will be relativized with respect to larger spaces Y and Y containing XN» and Yo, re- 
spectively, in a way which effects a strengthening of the property, and applications 
of the results obtained to the special case in which the mapping is a homeomor- 
phisin will be indicated. Unless otherwise definitely stated, a topological space 
is & space of points with an open set topology satisfying the usual basic assumptions 
that the empty set and the whole space are open, as are also arbitrary unions and 
finite intersections of open sets. 

Given topological spaces Y and Y and subsets Xo ¢ X and Yo ¢ Y, a quasi- 
compact mapping f(Xo) = Yo is said to be quasi-compact relative to (X, Y) (or, 
simply, relatively quasi-compact when confusion in identifying the X and Y is un- 
likely), provided that, for each inverse set K in Xo which is closed in X, f(4‘) is 
closed in Y, and, likewise, for each set H in Yo which is closed in Y, f~!(/Z) is closed 
in X. It should be noted in particular that every such mapping is assumed to be 
quasi-compact as a mapping from Xo onto Yo, so that being relatively quasi-compact 
is in general a stronger property than quasi-compactness. We record some other 
simple consequences of the definition in the following notes. 

Note 1. /f f(X) = Y ts a quasi-compact mapping, then on any inverse set Xo in X 
on which f is quasi-compact, it ts automatically quasi-compact relative to (X, Y). 

In general, f need not be quasi-compact on all its inverse sets.! 

Nore 2. Jf f(X) = Y ts quasi-compact, then on any open inverse set or any closed 
inverse set Xo in X, f 1s quast-compact relative to (X, Y). 

This is a consequence of Note 1, since we have quasi-compactness of f on such an 
Xo. 

Note 3. Jf f(X) = Y ts quasi-compact and Y is a weakly separable Hausdorff 
space, then, on an arbitrary inverse set Xo in X, f is relatively quasi-compact. 

For, with these conditions on Y, again we get! quasi-compactness on any such set 
Xo. 

We next establish a theorem which includes both the invariance—in particular, 
topological invariance—of the relative quasi-compactness property and also the 
transitivity of this property. 

THEOREM 1. Given subsets Xo, Yo, Xo’, Yo' of topological spaces X, Y, X’, Y’, 
respectively, and relatively quasi-compact mappings f(Xo) = Yo, w(Xo) = No’, g(Vo) 
= Y)’ so related that for each x’ ¢€ Xo’ there isay’ € Yo’ such that w(x’) ¢ f-'g"(y’), 
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then the mapping 
gfw 1( Xo’ )= Y,’ 


is quasi-compact relative to (X’, Y’). 

If for each p « Xo’ we let o(p) denote gfw~'(p), the assumed relationship between 
f,g, and w assures that ¢ will be a single-valued transformation. To prove continu- 
ity of ¢, let E bea closed subset of Yo’. Then @~'(£) = wf-'g-!(F), and g~'(E) and 
f-'g-'(B) are closed in Yo and in Xo, respectively, by continuity of g and f. Also, 
f-g~'(£) is an inverse set under w. For, if x’ « wf—'g~'(E), by assumption w~'(x’) 
c f~'g-'(y’) for some y’ « Y’. Nowy’ must bein E, because w~!(x’), and therefore 
f-'g-"(y’), intersects f-'g~'(£). Thus f~'g~!(2) is a closed inverse set under w. 
Hence, by quasi-compactness of w, ¢~'(/), which is its image under w, must be 
closed in Xo’; and thus ¢ is continuous. 

To prove the quasi-compactness of ¢ relative to (X’, Y’), let K be an inverse set 
for @ in Xo’ which is closed in X’. By relative quasi-compactness of w, w~'(K) is 
closed in X¥. Now, if N = ¢(K), sothat K = @~'(N) = wf'g7'!(N) (since K is an 
inverse set for ¢), we must have 

w(K) = f-'g-"(N). 
For, clearly, any point in the set on the right belongs to w~'(K) because it maps 
into K under w. On the other hand, if x « w~'(K), w~'w(2) lies in f-'g'(y’) for 
some y’ € Yo’, by assumption; and, since w~'w(x) must intersect f—'g~'(N) (be- 
cause w(x) « K), we have y’ e N, so that x e f-g~'(y’) © f-'g—'(N). Hence 
f—g-'(N) is closed in X. Thus, by relative quasi-compactness of f, g~!(NV) is closed 
in Y; and, in turn, by relative quasi-compactness of g, VN = $(K) is closed in Y’. 

On the other hand, let H be any set in Yo’ which is closed in Y’. Quasi-compact- 
ness of g and f in turn give that g~'(//) is closed in Y and that f~'g~'(H) is closed 
in XY. It follows again, as in the argument given for / in the first paragraph of this 
proof, that f-'g~'(H) is an inverse set under w. Accordingly, by relative quasi- 
compactness of w, @~'(H) = wf~'g~'(H) is closed in X’. Thus ¢ is quasi-compact 
relative to (X’, Y’), and our proof is complete. 

Corouiary | (INVARIANCE). Jf f(Xo) = Yo ts quasi-compact relative to (X, Y) 
and if w(X) = X’ and g(Y) = Y’ are homeomorphisms, then the mapping 


gfw-'(Xo’) = Yo’ 


of Xo’ = w(Xo) onto Yo’ = g(Yo) ts quasi-compact relative to (X’, Y’). 


For, since the mappings w| X») and g| Y, are homeomorphisms and thus quasi- 
compact, it follows by Note 1 that they are relatively quasi-compact. Also, since 
w'(x’) is a single point for each x’ « Xo’, we have w7!(x’) ¢ f~'g—'(y’) automati- 
cally for y’ = gfw—'(x’). 

Coro.uary 2 (Transitivity). Jf f(Xo) = Yo and g(Yo) = Yo’ are relatively 
quasi-compact mappings, so also is the mapping gf(Xo) = Yo’. 

This results from Theorem 1 simply by taking X’ = X and letting w be the iden- 
tity mapping. 

THroreM 2. Jf Xo ts an open proper subset of X, and Yo = Y — p, pe Y (or Yo 
is open and Y,y — Yo = pe Y), a mapping f(Xo) = Yo ts quasi-compact relative to 
(X, Y) if and only if the extension of f to X given by defining f(x) = p. xe X — Xo, 
ts a quast-compact mapping. 
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If we suppose that the thus extended f is a quasi-compact mapping, then, since 
Xo is an open inverse set for this mapping, it follows from Note 2 that f is quasi- 
compact relative to (XY, Y). (We discuss only the case where Yy) = Y — p, since 
trivial modifications suffice for the case stated in parentheses. ) 

Suppose, on the other hand, that f is quasi-compact relative to (Y, Y), and let f 
be extended as stated in the theorem. To prove that the extended transformation 
is continuous, let K be a closed set in Y. If K ¢ Yo, then relative quasi-compactness 
of f gives the conclusion that f~'(K) is closed in X. If p « K, f-'(K — p) is closed 
in Xo by continuity of fl Xo. Thus f—'(K — p) + X — Xo is closed in X; and this 
set is identical with f-'(K) because f-\(p) = X — Xo. Thus the extended f is 
continuous. To prove quasi-compactness, let H be any closed inverse set in YX. 
If f(H) does not contain p, then H ¢ Xo, and H is an inverse set for f| Xo which is 
closed in X. Thus f(#) is closed in Y by relative quasi-compactness of f| Xo. 
If f(H) contains p, then H > X — Xo = f-'(p). However, H- Xp is an inverse set 
for f| Xo which is closed in Xo. Hence, by quasi-compactness of f| Xo, f(H-Xo) is 
closed in Yo = Y — p. Clearly f(/7-Xo) + pis closed in Y, and this set is identical 
with f(H). Thus the extended f is a quasi-compact mapping. 

Strong Homeomorphisms.—For a one-to-one mapping, the assumption of quasi- 
compactness is equivalent to making the mapping a homeomorphism. Thus in this 
case relativization of quasi-compactness yields a stronger type of homeomorphism 
between subsets of given topological spaces. To simplify the terminology, we 
define a homeomorphism h(Xo) = Yo, Xo ¢ X, Yo € Y to be a strong homeo- 
morphism provided that h is quasi-compact relative to (X, Y), that is, provided that 
for any set XY, ¢ NX> which is closed in X, h(X;) is closed in Y, and, likewise, for 
any set Y; ¢ Yo which is closed in Y, h-'(Y,) is closed in XY. No mention need 
be made of inverse sets in this case, because all subsets of Xo are inverse sets. Ob- 
viously, if h(X9) = Yo isastrong homeomorphism, so also ish~'(Yo) = Xo. Sub- 
sets XY) and Y» of spaces X and Y, respectively, are said to be strongly homeomor phic 
provided that there exists a strong homeomorphism between them. 

As direct consequences of the above results, we have a number of conclusions of 
of special interest in the one-to-one case, which we list next. 

1. If the kernel Eo of a quasi-compact mapping f(X) = Y(i.e., the set of all x « X 
satisfying x = f~'f(ax)) is open (or closed), then on Eo, or, indeed, on an arbitrary sub- 
set Xo of Eo, f is a strong homeomorphism. 

This follows from Notes 1 and 2. For, by Note 2, f| Zp is a strong homeomor- 
phism. Thus fl X, is a homeomorphism and therefore quasi-compact; and, since 
X> is an inverse set, by Note 1 {| Xo is quasi-compact relative to (XY, Y) which means 
that it is a strong homeomorphism. As a corollary, we have 

2. Any partial mapping h| X, of a homeomorphism h(X) = Y is a strong homeo- 
morphism (relative to (X, Y), of course). 

3. Invariance: If Xo and Yo are strongly homeomorphic subsets of X and Y and 
if w(X) = X’ and g(¥) = Y’ are homeomorphisms, then w( Xo) and g(Yo) are strongly 
homeomorphic subsets of X' and Y’. 

4. Transitivity: If h(Xo) = Yo and k(Yo) = Zp are strong homeomorphisms, Xo 
c¢ X,Y) ¢ Y,Z ¢ Z, then so also is kh(Xo) = Zp. 

5. Two topological spaces X and Y are homeomorphic if and only if there exist 
points x « X and y « Y such that X — x and Y — y are strongly homeomorphic. 
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The “only if” follows trivially from the second conclusion given above, because, 
if h(X) = Y is a homeomorphism and x e X, then h|(X — 2) is a strong homeo- 
morphism. The “if’’ part follows readily from Theorem 2. For, if A(X — x) = 
Y — yis a strong homeomorphism, by Theorem 2 the extension of h obtained by 
defining A(x) = y is a quasi-compact mapping of XY onto Y; and, since this extended 
mapping is still one to one, it must. be a homeomorphism. 

As a further application of our results, we have 

THEOREM 3.” If the mapping f(X) = Y ts quasi-compact and all point inverses 
are degenerate except one, Z = f(y), y € Y, then, in order that Y be homeomorphic 
with X, it is necessary and sufficient that the complement X — Z of Z be strongly ho- 
meomorphic with the complement of some point x « X. 

The necessity of the condition is a direct consequence of conclusion 1. For X — Z 
is the kernel of f, and thus it is strongly homeomorphic with Y — y. The latter set, 
in turn, is strongly homeomorphic with X — h~'(y), where h(X) = Y is any homeo- 
morphism of XY onto Y. The sufficiency of the condition follows readily with the 
aid of conclusion 5. For, as just seen, X — Z is strongly homeomorphie with Y — 
y. Since, by assumption, X — Z also is strongly homeomorphic with X — z for 
some x e X, by transitivity we have XY — zx strongly homeomorphic with Y — y, 
and paragraph 5 gives the desired conclusion. 

If f is not assumed quasi-compact, the condition in the above theorem is neither 
necessary nor sufficient. There are obvious simple examples of one-to-one map- 
pings between nonhomeomorphic spaces, such as the mapping of the semi-open 
interval 0 < ¢ < 27 onto the unit circle given by x = cost, y = sin t, thus showing 
the nonsufficiency of the condition. That the condition is also not necessary is 
shown by the following: 

Example: There exists a closed subset X of the Cartesian plane and a mapping 


S(X) = X of X onto itself such that f-'(X) is a single point for all x « X except for a 


single point q, whereas X — f~'(q) ts not homeomorphic with X — a for any ae X 
whatever. 

The space X consists of the union of the sequence of circles (C,,) in the plane where 
C,, has center at (n, 0) and radius '/; for positive integers n, together with the union 
of an infinite sequence of “triods” 7, 71, T2, ---, where 7» consists of the entire 
positive y-axis together with the closed interval —!/; < x < '/; of the z-axis and 
where, for each n, 7, is the set obtained by translating 7’) horizontally n units to 
the left. Thus, for each n = 0, 1, 2, ---, 7, is a triod with vertex at the point 
(—n, 0), having two legs of length !/; and one vertical leg of infinite length. Let o 
be the origin (= the vertex of 7); let a, b, and c be the points (—1/3, 0), ('/3, 0), and 
(0, '/s3), respectively, on 7; and let d be the point ('/s, 0) midway between o and 
b. Let Z denote the subset ao + od + oe of To, and let Y be the set of all points 
on the y-axis above c. 

We now define f so that it maps 7) onto C; by mapping all points on Z into the 
point g = (7/3, 0), maps the closed interval db topologically onto the lower semi- 
circle of C; with d going into g, and maps Y + c topologically onto q plus the open 
upper semicircle of C; with ¢ going into g. For all other points p = (a, y) eX — To, 
we define f(p) to be the point (x + 1, y) obtained by translating one unit to the 
right. Clearly f will be a mapping, and all point inverses except Z = f—'(q) are 
degenerate. 
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However, X — Z is topologically equivalent to the whole space X plus two addi- 
tional components db — d, a semi-open interval or topological ray, and Y, a topo- 
logical line. Now, fora eX, X — a has no component of the ray type if a is on C, 
for any n; and, if a e T,, for some n, then a must be on the vertical leg of 7, in order 
for X — a to have a component of the topological line type, whereas in this case 
there will be either 2 or 0 components of the topological ray type according as a is 
or is not the vertex of 7. Thus for no a e X is Y — Z homeomorphié with X — a. 

* This work was supported in part by National Science Foundation Grant G 1132. 

' See the author’s forthcoming paper ‘‘Mappings on Inverse Sets.” 

2 A part of this theorem for the case of much more restricted spaces Y and Y was included in the 
author’s book Analytic Topology (‘American Mathematical Society Colloquium Publications,”’ 
Vol. 28), along with applications of it to the study of monotone mappings on the sphere. It 
represents a solution in a particular case of the general problem of finding conditions on a mapping 
of one topological space ontc another which will ensure that the two spaces are homeomorphic. 
For a discussion of this problem the reader is referred to the author’s paper “On the Structure of 
Continua” Bull. Am. Math. Soc., 42, 49-73, 1936) and, for further contributions to its solution, to 
a paper by J. F. Wardwell, “Continuous Transformations Preserving All Topological Properties,”’ 
(Am. J. Math., 58, 709-726, 1936). Interest in this problem has been heightened recently by 
some examples and results bearing on it in the case of Euclidean 3-space which were reported by 
R. H. Bing at the 1955 Summer Institute on Set Theoretic Topology. 


CHRONOLOGIC ASSOCIATION OF POLIOMYELITIS 
AND COXSACKIE VIRUS INFECTIONS 


By GILBERT DALLDORF AND RoBERT ALBRECHT 


DIVISION OF LABORATORIES AND RESEARCH AND BUREAU OF EPIDEMIOLOGY AND COMMUNICABLE 
DISEASE CONTROL, DIVISION OF MEDICAL SERVICES, NEW YORK STATE 
DEPARTMENT OF HEALTH, ALBANY, NEW YORK 


Communicated September 14, 1952 


Although specific immunity provides a satisfactory explanation of the geographic 
and changing epidemic pattern of poliomyelitis and now promises practical means of 
control, it is likely that other forces are involved. One such factor may be those 
other virus infections that frequently accompany poliomyelitis, its ‘‘cousins.”” The 
question has arisen whether certain of them interfere with poliomyelitis or with 
one another or perhaps facilitate the growth of poliomyelitis or its entrance into 
the host. The Coxsackie viruses, the first of the “cousins” to be recognized, have 
received principal attention thus far, but the more recently recognized ‘‘orphans”’ 
should also be considered in a comprehensive study of the ecology of poliomyelitis. 

There is ample evidence that the Group B Coxsackie viruses modify the course 
of experimental poliomyelitis in mice,! and it has been reported that one strain 
inhibits the growth of poliomyelitis virus in tissue cultures.2- Moreover, the rec- 
ords of past epidemics of Group B Coxsackie virus infection (Bornholm disease or 
epidemic pleurodynia) imply that it and poliomyelitis do not freely coexist in 
nature. Students of such epidemics have time and again noted that although 


pleurodynia occurred during the poliomyelitis season, few or no cases of paralytic 
poliomyelitis were seen.? The present communication provides somewhat different 


evidence bearing on this problem. 
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OBSERVATIONS 


New York, 1954.—The 1954 epidemic of poliomyelitis in upstate New York oc- 
curred later than in any year in recent history. The peak onset occurred in Octo- 
ber. In the preceding fourteen years the peak appeared eight times in August and 
six times in September. In other respects the epidemic was similar to earlier ones. 
The case fatality rate (3.3 per cent), age distribution, and relative frequency of 
paralysis (60 per cent) did not differ appreciably from previous years. The viruses 
isolated from patients were largely Type I. 

Gamma globulin was used rather extensively in 1954, but this was also true in 
1953, when the seasonal distribution was the usual one. Vaccine cannot be impli- 
cated, for the distribution by months was similar in the 20 counties that took part 
in the vaccine evaluation and the 37 that did not. Nor were the October cases due 
to a wave of another disease, for the peak of onset of paralytic disease occurred in 
October, as did also the peak of all reported cases. 

A possible explanation may lie in the observation that during the last two weeks 
of July and the first three weeks of August that part of the upstate area observed by 
us experienced a rather widespread outbreak of Group B Coxsackie virus infection. 
The evidence consists of the observations of physicians and the isolation of Cox- 
sackie viruses from patients and sewage. While specimens were received in con- 
siderable numbers throughout the summer, those that yielded Group B Coxsackie 
viruses were from patients whose illnesses had begun before the first peak incidence 
of poliomyelitis. 

The Netherlands, 1951.—These rather casual observations resemble the cireum- 
stances that oecurred in the Netherlands in 1951, as we have reconstructed them 
from various sources. Our attention was first drawn to the 1951 Netherlands out- 
break of poliomyelitis as an example of an epidemic that occurred in a year in which 
Group B Coxsackie virus infections were numerous—that is, as an exception to the 
rule that the two do not freely coexist. But, when the seasonal distribution of the 
poliomyelitis cases was plotted, it was noted that the peak incidence occurred in 
October, two months later than the peak for the 1942-1948 median or the big epi- 
demic in 1952. Cases of pleurodynia were not reported in the Netherlands, and the 
number of patients is unknown; but a rather extensive search for Coxsackie viruses 
was made in 1951, and the reports reveal that the isolation of Group B viruses was 
limited to a period preceding the peak of the poliomyelitis epidemic. The Nether- 
lands and New York data are illustrated by Figures 1 and 2. 

These figures resemble one in Curnen’s report of the 1948 outbreak of poliomyeli- 
tis in Connecticut. Curnen learned that many of the nonparalytic illnesses were 
due to Coxsackie virus infection and observed that these cases largely preceded 
those that were paralytic. The tenor of the report seems to imply that the natural 
occurrence of Coxsackie virus infection is earlier in the summer than that of polio- 
myelitis, but, as far as we can determine, this has been true only when both were 
present. The large, uncomplicated epidemics of pleurodynia, which since 1948 
have been recognized as an expression of Group B Coxsackie virus infection, have 


shown the same seasonal distribution as epidemics of poliomyelitis. Madsen first 
called attention to the striking resemblance of the two in this respect.® 

New York, 1947-1954.—The hypothesis that the late peak in 1954 may have been 
due to disseminated Coxsackie virus infection earlier in the summer is buttressed 
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Fic. 1.—Poliomyelitis and Coxsackie virus infection, upstate New York, 1954. 
Dotted line: Poliomyelitis cases reported weekly, five-year average (1949-1953). 
Solid line: Poliomyelitis cases reported weekly, 1954. Bars: Dates of onset and 
number of illnesses (X15) associated with Group B Coxsackie virus infection. 
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Fig. 2.—Cases of poliomyelitis in the Netherlands 
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by our experience during the last eight years. The 1947 data regarding the presence 
of Group B Coxsackie viruses should be discounted somewhat, since only a few 
specimens were examined that year. In the following years, however, the sampling 
was rather extensive, and 1,258 fecal speeimens were tested. Group B strains were 
found in only four of the seven years. When the relative frequency of the Group 
B strains and the number of cases of poliomyelitis were plotted, it was seen that the 
Group B years were all years of little poliomyelitis. The years that were marked by 
the largest epidemics of poliomyelitis were notable in that no Group B strains were 
isolated (Fig. 3). 
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Fig. 3.—Number of cases of poliomyelitis and percentage of 
Coxsackie viruses isolated that were members of Group B, upstate 
New York, 1947-1954. Dotted line: Percentage of Coxsackie 
viruses isolated that were members of Group B. Solid line: Num- 
ber of reported cases of poliomyelitis divided by 30. 





DISCUSSION 
The interference experiments in mice involved concurrent systemic infections with 
both viruses. One might assume that both viruses make similar demands on the 
host’s cells and thereby suppress one another or that, perhaps, they pre-empt cer- 
tain cells. The epidemiologic evidence seems of a rather different kind. One 
might suppose, however, that an intestinal infection by an interfering virus could 
prevent superinfection with poliomyelitis virus. Thus the spread of infection in 
the community could be depressed and retarded. Such an explanation may be re- 
lated to an observation we made while examining the records of various countries 
in which epidemics of pleurodynia occurred. Frequently such epidemics were 
followed the next year by large epidemics of poliomyelitis. The Netherlands ex- 
perience (Fig. 1) is an example. 
If certain enteric viruses do interfere with one another, such phenomena might 
be expected to play a prominent part in the epidemiology of poliomyelitis in back- 
ward societies. It is well known that under conditions of crowding and poor hy- 
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giene, intestinal infections, including the enteric viruses, are commonplace and poli- 
omyelitis and Coxsackie viruses occur more frequently than elsewhere. Yet the 
infants quickly and relatively safely become immunized to poliomyelitis. There 
may be something of great practical value in this enigma. A number of explana- 
tions must be considered. The infants may be infected at a time when they are 
well protected against systemic infection by maternal antibodies or the natural re- 
sistance of the very young. Possibly they are exposed to repeated, subinfective 
doses.?. One might postulate that combined infection reduces the danger, that 
interferences play a part in natural immunization. 

It is suspected that dengue and yellow fever are mutually exclusive, and Frederik- 
sen has recently reviewed the evidence bearing on their dissociation in nature.’ 
Again, adequate proof is lacking, and the evidence is not suited to critical analysis 
as by statistical methods. It is hoped that the question can some day be studied 
experimentally. 


SUMMARY 


A notable delay in the peak incidence of poliomyelitis in upstate New York in 
1954 has been described as a possible consequence of the prevalence of Group B 
Coxsackie virus infection and has been correlated with other experiences. The 
ecologic relationships of the enteric viruses deserve careful attention. 
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MICROWAVE SPECTROSCOPY OF BIOLOGICAL SUBSTANCES. T 
PARAMAGNETIC RESONANCE IN X-IRRADIATED 
AMINO ACIDS AND PROTEINS* 


By Waurer Gorpy, WILLIAM B. Arb, AND HOWARD SHIELDS 
DEPARTMENT OF PHYSICS, DUKE UNIVERSITY, DURHAM, NORTH CAROLINA 
Communicated by James Franck, August 18, 1956 


The resonance of unpaired electrons in externally imposed magnetic fields of a 
few kilogauss gives rise to absorption frequencies in the microwave region analogous 
to nuclear magnetic resonance signals now widely observed in the lower-frequency 
radio region. Such microwave or radio signals can give much information about 
the immediate surroundings of the particle at resonance.! Unpaired electrons in 
biological materials exist normally in only very minute quantities on metallic 
ions or in organic free radicals. Nevertheless, Commoner, Townsend, and Pake? 
have been able to detect the resonance of organic free radicals in lyophilized biologi- 
cal substances, and we at Duke University*® have been able to observe resonances 
of Mn++ and Cu* ions and of natural free radicals in unlyophilized living plants. 
In the present work, X-irradiation is used to produce the unpaired electrons which 
are observed. This method appears to be applicable to almost any biological 
material. One can use it to study radiation damage to tissues as well as to obtain 
structural information. The results which are described here represent only the 
initial phases of the program of study of these and other biologically significant sub- 
stances. 

Several amino acids have been examined. Some typical resonance curves are 
shown in Figure 1. These represent essentially first derivatives of the absorption 
curves. They were obtained with the usual automatic recording spectrometer,! 
employing bolometer detection with low-frequency magnetic modulation of the 
resonance. — Fifty-kilovolt X-rays were used for the irradiation. All measurements 
were made at room temperature. 

In all the biological substances examined, a g factor very close to that for the free 
electron spin was obtained. This indicates almost complete quenching of the 
orbital momentum, as would be expected if the unpaired electron is in a molecular: 
orbital. In practically all the samples a complex structure was observed. All 
samples were examined both at 9 kme. and at 23kme. This allows one to ascertain 
whether the structure arises from nuclear interactions or from internal crystalline 
field splitting, since the spacings of the latter but not those of the former are 
sensitive to the strength of the externally imposed field. Also, the nuclear hyper- 
fine structure can often be recognized by its symmetrical pattern. 

In the strong fields employed in our experiments the nuclear-spin and electron- 
spin vectors precess separately about the applied field, and only the components of 
their magnetic moments which lie along this field experience an uncanceled inter- 
action. Except for s orbitals, the splitting of the spin resonance by a nucleus of 
spin J and magnetic moment u; is given by 


— Miu, Pin a ae / 
H = 7 (2), 8 08 6 Lav, (1) 
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in which M, is the magnetic quantum number of the nucleus and 8; is the nuclear 
magneton. The co-ordinate r represents the distance of the electron from the 
nucleus, and @ is the angle between r and the direction of the applied field. For s 
electrons the above quantity averages to zero, but there is an additional orientation- 
independent term which arises from the nonvanishing of the s wave function at 
the nucleus. The magnitude of the coupling in the s orbital is directly proportional 
to the density (v,v,*)o at the nucleus. If, therefore, the odd electron is in an s 
orbital when near the coupling nucleus or nuclei, the resulting structure of the 
resonance will be symmetrical and will not vary with orientation of the sample 
in the applied magnetic field. When the odd electron is in a p or a d orbital, the 
nuclear splitting will be orientation-dependent; and in a powder, a polycrystalline 
material, or a liquid the hyperfine structure will generally be smeared out. 

All the nuclear interactions which we observed in the amino acids can be identi- 
fied as arising from interactions with hydrogen nuclei. If the odd electron were 
to remain in 1s orbitals of hydrogen all the time, a total hyperfine spread of 500 gauss 
would be observed.4 The number of lines of the structure increases with the number 
of coupling H nuclei. <A single coupling H nucleus gives a doublet; two equally 
coupling ones give a triplet; » equally coupling H nuclei give a symmetrical pattern 
of n + 1 lines with a Gaussian distribution of intensities. Thus the observation 
of a large number of such components indicates a spreading of the wave function 
of the odd electron over a large number of H atoms. 

The structural patterns shown in Figures 1-3 all appear to arise from interaction 
of the electron-spin moment with proton moments. That for glycine, predomi- 
nantly a triplet, indicates two equally coupling protons. The outer satellites are 
too weak for the resonance to be a normal quintet from four protons. Because of 
its intensity distribution the resonance cannot result from N' interaction. There 
is seemingly more than one way of getting two equivalent couplings here. The 
X-rays may ionize the glycine molecule and thereby cause it to dissociate into 
NH3;, COs, and (CH,)+. The (CH2)+ might then attach itself to something else— 
for example, to the O~ of the adjacent unhit zwitter ion to form the radical (R—-O— 
CH.)+. The shape of the resonance, particularly the two weak satellites or should- 
ers, suggests that the coupling is at least in part the direct dipole-dipole type. Evi- 
dently the tumbling motions are highly restricted even at room temperature. 
Possibly the ionization merely breaks off CO:, leaving the radical H,C—N+H. 
If such a radical were held firmly by hydrogen bridges, the odd electron localized 
on the C might interact through dipole-dipole coupling with the CH: protons to 
give the observed structure. The NH; nuclei would be too far away to give resolv- 
able splitting. 

For alanine a symmetrical, five-line hyperfine structure is observed. This indi- 
cates equal coupling of the electron to four protons. Our suggested explanation 
of such a symmetrical coupling is that the X-rays eject an electron, thereby causing 
the alanine to break up into NH», COs, and the radical (HeCCH2)*+. The CO, and 
NH; would escape, leaving the positively charged radical trapped in the hole made 
by the disintegration of the alanine molecule. At room temperature the rapid 
motions of this radical would probably nullify direct dipole-dipole interaction. 
The total spread of 95 + 3 gauss therefore indicates that the odd electron spends 
about one-fifth of the time in 1s orbitals of the four hydrogens. The odd electron 
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Fig. 1.—Tracings of electron-magnetic resonance 
spectra of X-irradiated glycine, alanine, and valine at 
room temperature. The tracing was made with an 
Esterline-Angus recorder on curved-co-ordinate re- 
cording paper. The curves represent first derivatives 
of the actual absorption lines. A phase-sensitive, lock- 
in detector was employed, with magnetic modulation 
of the absorption line at the lock-in frequency. The 
g factor for the center of the multiplets is essentially 
that for the free electron spin. The observation fre- 
quency is 9 kme. 
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of the radical (CH.CH,)* could move into the 1s orbitals of the hydrogen through 
hyperconjugation. In terms of Pauling’s concepts of the valence bond, the actual 
structure would be considered a resonant hybrid of 


H 


with the four equivalent forms 


all of which contain a“ one-electron bond.” Because of the greater electronegativity 
of C over H, the electron of the C-H bond would be expected to divide its time 
between the C and the H atoms in the ratio of about 6 to 4. For 100 per cent 
C-H bonds, a multiplet spread of 40 per cent of 500 gauss (or 200 gauss) would be 
expected. The observed spread of 95 gauss indicates that the last four equivalent 
forms contribute a total of about 50 per cent to the actual structure. 

For irradiated valine two superimposed hyperfine patterns were observed (Fig. 
1), one of which definitely has seven components; the other is apparently a quintet 
like that of alanine. The seven symmetrical components must arise from six pro- 
ton moments equally coupled to the moment of the electron. This pattern could 
be explained if the X-rays break up the valine molecule to leave, among other 
things, the symmetrical radical (H;CCH;)*. The other things would probably be 
CO., NHs, and H.Cy. Again, the odd electron could migrate into the 1s orbitals 
of the six hydrogens through hyperconjugation or, in the valence-bond eoncepts, 
through resonance of the structure 


H H\ * 


Lee 
H—C - C—H 


ah eS 
H H 


with the six equivalent forms 


Dipole-dipole interaction would again be nullified by tumbling motions of the 
radical. The spread of 160 + 6 gauss indicates that the odd electron resides in a 
ls orbital of an H about one-third of the time. This suggests a strong resonance 
or hyperconjugation of the one-electron CC bond with the CH bonds. From the 
coupling it is estimated that each of the seven structures contributes about equally. 
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The valine quintet has the same spacing, within the accuracy of the measure- 


ments, as has the alanine quintet. 


We therefore ascribe it to the same radical, 


(H.CCH2)*, which the ionization could make, along with alanine, as an alternative 


to the dissociation which gives (H;CCH;)*. 


From the relative intensities of the 


two multiplets, it appears that (CH;CH;)* is the more abundant. 
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Fic. 2.—Tracings of electron-magnetic res- 
onance spectra of leucine, glutamic acid, and 
threonine, with conditions as described for 
Fig. 1. 
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Fic. 3.—Tracings of electron-magnetic reso- 
nance spectra of glycocyamine and serine 
hydrochloride, with conditions as described 
for Fig. 1. 


Leucine (see Fig. 2) gave a set of seven components with a total spread of about 


160 gauss. 
resonances. 


This multiplet seems to be superimposed on other nonresolvable 
The seven components, like those of valine, probably arise from the 


(CH;CH;)+ radical. The pattern obtained for isoleucine was essentially the same 


as that for leucine. 





987 


988 PHYSICS: GORDY ET AL. Proc, N. A. 8. 


Glutamic acid, 
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when X-rayed yields a complex paramagnetic resonance which appears to be a 
superposition, in about equal strength, of the glycine triplet and the alanine quin- 
tet. Interestingly, if the X-rays should remove an electron to form the radical 
(CH,)*, which is needed to give the glycine triplet, the remainder of the glutamic 
acid molecule would be simply alanine and CO,. If the radiation should, by 
striking at another point, form the radical (HsCCH:2)+, which has been postulated 
to give the alanine quintet, the stable molecules HxCO, CO, NH;, and CO: could be 
formed from the remainder. We do not know, of course, that these two calamities 
actually occur when the quanta strike. They merely seem to be reasonable postu- 
lates which could account for the experimental observations. 

The magnetic resonance of irradiated threonine, CH;CHOHCHNH,.COOH (see 
Fig. 2), appears to be a quartet resulting from three equally coupled protons. The 
multiplet spread is small, roughly 35 gauss. It may arise from the almost free 
-CH; radical which the radiation could produce by breaking a single CC bond. If 
an electron is knocked away in the process, the relatively stable ionic group 
HO*+=CH—CHNH,—COOH would be left. Nevertheless, it seems surprising 
that the -CH; radical could be trapped or that it would be stable so long at room 
temperature. The resonance of a sample of irradiated threonine which was kept in a 
sealed tube after irradiation showed no signs of weakening in a period of two months. 
It seems possible that the resonance is not a quartet but is a combination of different 
patterns which accidentally give the approximate form of an incompletely resolved 
quartet. 

For serine hydrochloride (Fig. 3) a symmetrical doublet with separation of 35 
gauss was observed. A possible origin is the radical of the type R—O+—H. A 
second possibility is that the doublet arises from an OH radical stranded by neigh- 
boring groups through hydrogen bonds. <A doublet splitting of this magnitude 
could be produced by direct dipole-dipole interaction of the proton and the odd 
electron on the O. With V<r*>,, = 0.98 A, a 30-gauss splitting is predicted 
by equation (2) below. A part of the splitting, however, is expected to arise from 
a nonvanishing of the odd-electron wave function at the hydrogen nuclei. 

Doublets similar to that found for serine hydrochloride, but of smaller spacing, 
were found for glycocyamine, glycylglycine, and many other hydrogen-bridged 
complexes. They are believed to arise from an odd electron localized on an O and 
interacting with a bridging proton as explained later. 

Cystine (Fig. 4) gives an asymmetric pattern with component separations depend- 
ing upon the strength of the externally imposed field. This structure evidently 
result from crystalline field splitting. No structure from nuclear interaction is evi- 
dent. The unpaired electron probably resides mainly on the sulfur atoms. When 
an electron is knocked out of the molecule at some other place, the vacancy prob- 
ably shifts to the S atoms, where it has the lowest energy. Furthermore, a vacancy 


\ 
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on an 8 would allow it to form an additional three-electron bond with the 8S to which 
it is already linked by a normal electron-pair bond. This amounts to saying 


CYSTINE 


TOE NAIL 


FEATHER ' [OOo eee 


K——-140 gauss ———> 


Fig. 4.—Tracings of electron-magnetic resonance spectra of 
cystine and some fibrous proteins, with conditions as described 
for Fig. 1. Arrows indicate position for g of the free electron spin. 


that the hole would be shared by the two S atoms through exchange of their elec- 
trons. Thus the loss of an electron should strengthen (rather than weaken) the 
SS bonding, to form the radical 


HO H H H H  OH\+ 
C—C—C—8 ---§-C-C— 


Z 


a Besos. 
O NE: H HNH: 0 


Patterns similar to that for cystine were observed also for the keratin proteins, 
hair, feather, and toenail (Fig. 4). We conclude that the resonance observed in 
these proteins arises predominantly from their cystine constituent. This was at 
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first a very surprising observation because cystine is only one of the many amino 
acids found in the side chains of these proteins and constitutes only about one- 
tenth of their total composition. No evidence for the patterns characteristic of 
other amino acids known to be in these proteins was detected even after several 
hours of irradiation with 50-kv. X-rays. On the other hand, it seems equally 
strange, considering the low concentration of cystine, that a detectable cystine 
resonance could be quickly produced by the irradiation. The evidence is strong 
that whenever radiation knocks out an electron to create a hole or vacancy at any 
given point in the protein, this hole or vacancy is quickly filled by an electron 
borrowed from a cystine group. This mechanism prevents the breaking of bonds 
and probably diminishes greatly the damage by the radiation. A polypeptide chain 
joined by the cystine link should not fall apart under ionizing radiations. On the 
contrary, the cystine link should be strengthened by a new three-electron bond, 
O H 
Peptide chain—C—C—N—Peptide chain 


| 
CH: 


CH, 


Peptide chain—C—C—N—Peptide chain 


O H 


to make the cross-bonding stronger. 

It seems reasonable that the two sulfur atoms of the cystine molecule would act 
as an electron reservoir to supply electrons to fill vacancies at other points in pro- 
tein molecules. The S atom has a low electronegativity, 2.5, as compared to 3.0 
for N and 3.5 for O. Also, it has four spare or nonbonding electrons in its valence 
shell. Carbon, which has a comparably low electronegativity, uses all its valence 
electrons for bond formation, and so does hydrogen. A bond must be broken when 
C or H is ionized. In contrast, a cystine S which has lost an electron can form an 
additional one-half bond (three-electron bond) with the adjacent 8, as already men- 
tioned. From other results, partly described here, we conclude that ionization 
will leave a plus charge on an N or even on an O before it will sever a C—H or C—C 
bond, unless highly symmetrical radicals can be formed as a consequence—radicals 
like those already postulated which permit stabilization, through resonance, or the 
spreading of the wave function of the odd electron. 

Raw silk, was found, when irradiated to have a symmetrical doublet. The com- 
ponent separation of about 12 gauss is the same at the two frequencies 9 and 23 
kme. This, with the equal intensities, suggests that the splitting results from inter- 
action of the electron spin with that of a single proton. The doublet is within the 
accuracy of the measurement identical to that for glyeylglycine (see Fig. 5). A 
similar doublet was observed for glycocyamine. 

Silk is known from X-ray studies to have an elongated polypeptide-chain struc- 
ture with the adjacent chains linked by hydrogen bonds between the C=O and 
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NH group. Glycylglycine is the shortest polypeptide chain. Its crystalline form 
also contains intermolecular C=-O to NH hydrogen bridges. It is probably signi- 
ficant that these two substances were found to have the same resonance. Similar 
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Fic. 5.—Tracings of electron-magnetiec resonance spectra of glyeyl- 
glycine and some proteins, with conditions as described for Fig. 1. 


doublets were observed for irradiated cattle hide, fish scale, and other structures 
containing similar hydrogen bridges. In them, the doublet resonance is ascribed 
to an odd electron localized on an O but experiencing direct dipole-dipole inter- 
action with the bridging proton in the ionized structure, 
R O 
ee cs 
di: i. 
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with perhaps some contribution from 
R O 
C C 
i ee aa 
H 


“Ot 


ae het 
R H 
This type of interaction would vary with orientation of the hydrogen-bridge axis 
in the external field, as indicated by equation (1); and for random orientations of 
the axes, as expected for our samples, it would give a doublet structure with peak 
separations of 


28 
AH (gauss) = (2) 


(Tr 3\ Av 


where r is in angstroms. The theoretical line shape for the doublet is shown in 
Figure 6. Such a peaked shape, however, would not be realized experimentally, but 








Fic. 6.—Theoretical absorption pattern for spin resonance of electron experiencing direct dipole- 
dipole interactions with a proton in a rigid polycrystalline sample, for the Paschen-Bach case. 


in some curves the outer shoulders are evident. From the doublet splitting of 


about 12 gauss in glycylglycine or silk, ete., V(r*),, is found to be 1.35A. — This 
value is somewhat less than the 1.6 A which is estimated for the O-———-H dis- 
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tance from the known length of 2.7 A for the usual O——-——H—N bridge. The 
difference is believed to result from the spatial distribution of the orbit of the old 
electron about the oxygen. Since the bonding orbital is probably hybridized, the 
nonbonding orbitals which contain the odd electron should be projected somewhat 
toward the proton. Even if the odd electrons were spherically distributed about 
the oxygen, V(r3),,. would be less than the O———H internuclear distance. 

Silk has no cystine content and probably no sulfur. Its spectrum is therefore 
understandably different from that of horn or hair, already described. Yet, if the 
mechanism which we have postulated actually occurs, again little immediate 
damage to the structure should result from the irradiation; in fact, the original 
structure might be restored when new electrons become available. This is true also 
for cattle hide and fish scale and probably would be true for all polypeptide chains 
connected by hydrogen bonds and cystine SS links or by either. Contrast this 
with the molecular catastrophe which seems to occur when the radiation strikes the 
individual amino acids. We suspect that the ready breakup of the basic amino 
acids arises from their zwitter-ion structure, which makes for easy formation of 
CO, and NHs3. 

An interesting effect has been observed in irradiated skull bone. Immediately 
after irradiation, the resonance (Fig. 7) may be represented as a doublet, like that 
of silk, over which is superimposed a second resonance. At 9 kme. the latter is a 
sharp singlet. After three days in air at room temperature, the doublet was gone, 
but the sharp singlet remained (see Fig. 7). Furthermore, three weeks Jater it had 
not noticeably diminished in intensity. At 23 kme. it was split and appeared to 
have a shape like that of a resonance which was proved to result from bound O, in 
irradiated Teflon.’ Additional tests are necessary for proof, but it seems possible 
that absorbed oxygen may tie to the free radical R- (made by the irradiation of the 
bone), to form the complex, R—O—O. Note that the odd electron of R- is 
transferred to the three-electron bond between the oxygens. This type of radical, 
found in irradiated Teflon after exposure to atmospheric oxygen, has been shown, 
by re-examination of the resonance, to remain stable for months. If it remains 
similarly stable in skull bone, as evidence to date indicates, radiation damage to 
the skull may be cumulative over longer periods. But for the protective coating of 
hair and scalp, our skulls might become noticeably paramagnetic! 

The samples of glycine, alanine, leucine, valine, threonine, and glutamic acid 
were kept in sealed and evacuated glass tubes, and their signals were re-exam- 
ined four months after irradiation. The resonance had not detectably changed. 
It seems remarkable that the charged radicals such as (C2H.)*, which we have 
postulated, should enjoy such a long life. Nevertheless, it seems likewise remark- 
able that any radical in which the odd electron spends considerable time in Is 
orbitals of H atoms should remain intact within a solid so long at room tempera- 
tures. Yet the experimental observations seem to demand that some form of 
complex but symmetrical radical remain for this period. If the positive radicals 
which we postulate actually exist, they are probably trapped in a cage of negative 
oxygens within the vacancy caused by the disappearance of their parent-molecule. 
Unfortunately, none of the proteins were kept in sealed tubes after irradiation. In 
general, their resonances disappeared within a few hours or days. More quantita- 
tive studies of the lifetime of the various radicals are planned. 
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Nothing has been said about possible resonance of the electrons knocked out by 
the ionizing radiation. These electrons evidently are trapped somewhere in the 
sample, presumably at sites of lattice imperfections or at impurity centers. If their 
resonances are of the order of 100 gauss in width, they would not have been detected 
with the small-amplitude-modulation technique which we used. In some of the 
curves, particularly those for leucine and glutamic acid, there seems to be a broad 


Immediately 
after Irradiation 


SKULL BONE 


3days ofter 
Irradiation 


60 gauss—| 


Fic. 7.-Tracings of electron-magnetic resonance 
spectra of skull bone immediately after and three 
days after irradiation with x-rays, with conditions 
as described in Fig. 1. 


single resonance superimposed on the hyperfine pattern. This may result from 
trapped electrons. 


If the mechanisms which we propose to account for the various electron reso- 
nances reported here are essentially correct, they may help to explain why fibrous 
proteins such as hair and hide so often form a protective coating for living things. 
It is rather evident that the simplest amino acids, like glycine, valine, and alanine, 
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could not alone survive the ionizing ultraviolet light from the sun, especially before 
the ozone layer was formed. They might do so by uniting in a polypeptide chain. 
We have here evidence for “survival of the fittest’? on a molecular scale, evidence 
which may help to account for the protein buildup on the earth. A simple amino 
acid formed under such a protective coating as water or earth would be disin- 
tegrated by ultraviolet light when it drifted to the surface, whereas glycylglycine 
would only receive an ionizing wound from which it might later heal or because of 
which it might add another unit to grow bigger. Thus the sun would help to con- 
centrate the fibrous proteins, which later would protect other molecular constit- 
uents of living matter from the sun. The same mechanism will not allow pro- 
teins to hold together or heal wounds inflicted by stronger radiations which knock 
out or break up entire atoms. Evolution has not yet prepared us for the atomic 
age! 

At the Faraday Society Discussion on Microwave and Radio-Frequency Spec- 
troscopy, in April, 1955, where our results were briefly described, we learned that 
J. Combrisson and J. Uebersfeld,® of Paris, had observed resonance in a number of 
amino acids irradiated with gamma rays from an atomic pile. The only similarity 
in our results and theirs is for glycine. The only structural pattern they reported 
was a triplet which they observed for several amino acids, including alanine and 
leucine. They failed to observe a resonance for several, including cystine and 
glutamic acid. Because they used very hard radiation which could remove hydro- 
gen atoms, their results and conclusions are understandably different from ours. 


We wish to thank Mr. W. M. D. Bryant, of the DuPont Laboratories, and Dr. 
B. Woodhall and Professor D. G. Sharp, of the Duke Hospital, for kindly supplying 
some of the samples. 

NOTE ADDED IN PROOF: We have now kept a number of the proteins in sealed 


tubes away from oxygen during and after irradiation and have found that the 
resonance did not decay as when in air. Evidently the oxygen diffuses into these 
proteins and interacts with the radical to kill the resonance. In a few instances, as 
in the skull bone mentioned, the oxygen ties onto the radical in such a manner as to 
alter but not destroy the resonance. We think that the studies now in progress 
may lead to a better understanding of the adverse effects of oxygen in radiation 
damage to animals, just as the cystine results seem to account for protective effects 


of sulfur. 

Two of us (W. G. and H.S.) are now using the method described here to study the 
effects of ionizing radiation on the nucleic acids and their constituents. Again, 
strong effects of oxygen have been noted. The resonances of DNA and RNA appear 
to remain indefinitely stable in an evacuated tube, whereas they both decay within 
a few hours in the normal atmosphere. In one constituent of nucleic acid, guanylic 
acid, a triplet structure was observed when the acid was irradiated and observed 
in an evaucuated tube. Upon exposure to air this was slowly converted to a stable 
singlet like that for skull bone which, as expected, has proved to result from ab- 
sorbed Oo. We think that the singlet is due to bound, paramagnetic Os» as in skull 
bone or Teflon. 

* Supported by the Office of Ordnance Research and by the Office of Scientific Research of the 
Air Research and Development Command. 
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! For a description of the phenomena of magnetic resonance see W. Gordy, W. V. Smith, and 
R. F. Trambarulo, Microwave Spectroscopy (New York: John Wiley & Sous, Inc., 1953), chap. v. 
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MICROWAVE SPECTROSCOPY OF BIOLOGICAL SUBSTANCES. I. 
PARAMAGNETIC RESONANCE IN X-IRRADIATED 
CARBOXYLIC AND HYDROXY ACIDS* 


By Water Gorpy, WILLIAM B. Arp, AND HowArD SHIELDS 
DEPARTMENT OF PHYSICS, DUKE UNIVERSITY, DURHAM, NORTH CAROLINA 
Communicated by James Franck, August 18, 1955 


The microwave methods employed in the preceding paper on amino acids and 
proteins have been applied here to certain fatty and hydroxy acids. 

The fatty acids contain a carboxylic head, COOH, and a hydrocarbon tail, 2. 
They form dimers or higher polymers through two O—H - - - O hydrogen bridges 
per molecule. In this study we have included some with very short tails and some 
with relatively long tails but none yet with forked tails. The study has not proved 
monotonous. The saturated fatty acids do not all behave the same way when 
hit by X-ray quanta. 

Figure 1 hints that different experimenters may not always get the same results 
in this field. The four curves obtained for acetic acid are qualitatively different. 
For the top curve the sample was irradiated and immediately observed at liquid- 
nitrogen temperature. The doublet of 25-gauss separation is believed to arise from 
the ionized hydrogen-bonded radical, 

O--- 
Va 
CH;—C 


% 
‘to oo 


with the odd electron on the hydroxy! oxygen. At this temperature the radical is 
held fairly till by the hydrogen bridges, and the doublet splitting is produced 
mainly by dipole-dipole interaction between the electron and the hydroxy! proton. 
Equation (2) of the preceding paper with H = 25 gives the reasonable value of 1.05 
A for Vrs)... If this interpretation is correct, the hydrogen bridge is obvi- 
ously not a symmetrical one. In a symmetrical bridge the odd electron would have 
an equal probability of being on the other oxygens and of interacting with other 
bridging protons to give a more complex spectrum. 
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After the irradiated sample of acetic acid was allowed to warm slightly (but not 
near the melting point), a complete transformation was found to have occurred 
in its resonance; the spectrum consisted of the symmetrical quartet shown as the 
second curve of Figure 1. There are three equally coupled protons in the radical 
which gives this resonance. Except for an improbable accident, the only way to 
get three equally coupled protons here is from a methyl group. We think that we 


ACETIC ACID 


77°K 
ofter warming 
yh 


60 gouss > 
ofter warming 


77° K again 
after warming 
to 190°K 
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Fic. 1.—Tracings of electron-magnetic resonances of X-irradiated 
acetic acid after different treatments. The tracing was made with an 
Esterline-Angus recorder on curved-co-ordinate recording paper. The 
curves represent first derivatives of the actual absorption lines. A 
phase-sensitive, lock-in detector was employed, with magnetic modu- 
lation of the absorption line at the lock-in frequency. The g factor for 
the center of the multiplets is essentially that for the free electron spin. 
The observation frequency is 9 kme. 


may have here the radical CH;COs. The multiplet spacing is small, only 30 gauss, 
as would be expected for this radical. Furthermore, the lines are sharp, as would 
be expected for a rotating or tumbling radical. Whatever the radical may be, it is 
very unstable, for, when the sample was warmed to approximately dry-ice tempera- 
ture, the resonance changed from a quartet to the triplet shown as the third curve 
of Figure 1. We guess this triplet to arise from (CH»CO)* with an odd electron 
which moves around over the radical. In terms of valence-bond resonance, the 
ground state of such a radical would be represented by the following contributing 


forms: 
H H H . 
pee 0): ( C=C 0) ( Sc=c ) 7 
E HH HZ 


I II III 


The last form, which puts positive charge on the very electronegative O, is not be- 
lieved to be nearly as important as I and II. If the two equivalent forms of II 
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were the only structures and if there were no ionic character in the C-H bond, 
a splitting of 250 gauss would be expected. From the electronegativity difference 
of H and C we estimate that the odd electron would remain on C 20 per cent more 
of the time than it does on H or that in.a normal C-H bond the electron would re- 
main in the Is orbital of H about 40 per cent of the time and would thus give a 
doublet splitting of about 200 gauss. From the splitting of 30 gauss we thus con- 
clude that the two equivalent forms of II contribute only about 15 per cent to the 
ground state of the radical and that I is therefore the largest contributor. 

To complete the temperature transit, we again cooled the acetic acid sample to 
77° K. and found the triplet doubled in its spacing and the line breadths greatly in- 
creased, as shown by the last curve in Figure 1. We think that this last transfor- 
mation means that the (CH2CO)* radical has merely ceased to rotate and that 
the electron, which resides mainly on the C of the CH, interacts through 
dipole-dipole coupling with the two protons to give the additional splitting and 
the broadening. 

The series of curves in Figure | demonstrates that this method allows one figur- 
atively to ‘‘see” chemical reactions as they happen within solids. By varying the 
temperature slowly, we were actually able to observe some of the changes in pat- 
terns on the cathode-ray screen as they occurred. We were able also to trap back 
at 77° K. what appeared to be a mixture of the sharp quartet and the broad triplet. 
The sharpness of the quartet at 77° K. evidently means that the CH; of CH;COz is 
still rotating when the similar motions of (H.CCO)* are stopped. 

If the radicals which we postulate do actually give rise to these various patterns, 
we can surmise rather well the sequence of events. First occurs ionization of a 
hydroxy! oxygen, but the original structure holds together as long as the temper- 
ature is 77° K. When the temperature is raised to a point near 200° K., the 
CH,;CO, breaks off and begins to rotate but does not escape the cell where it is 
formed. The remaining proton probably is attached to the neighboring molecule 
through a hydrogen bridge. At a slightly higher temperature the CH;CO, gets 
back the proton to make (H2CCO)* and water. 

We have observed a triplet like the 30-gauss one of acetic acid for acetone irradi- 
ated and observed (without warming) at 77° K. We conclude that the acetone 
triplet arises from the same radical, (CH,CO)*, which the radiation makes along 
with CH, by ionization of the acetone. However, there is an interesting differ- 
ence. The acetone has the same sharp lines and 30-gauss spread at 77° K. that 
acetic acid has only when warmer. This evidently means that the (CH2CO) + radi- 
eal in acetone tumbles about sufficiently at 77° to average out the direct dipole- 
dipole interaction which has been postulated to explain the increase in the spacings 
and line widths of the triplet for acetic acid. In irradiated acetic acid the carbonyl! 
oxygen of the (CH,CO)*+ probably forms a hydrogen bridge with the OH of an 
undamaged acetic acid molecule to stop the tumbling motion of the radical at tem- 
peratures below 190° K. In acetone no such bridge is possible, and the radical 
keeps tumbling. 

Formic acid, when irradiated and immediately observed at 77° K., showed a 
doublet of about 12-gauss separation. After it was warmed to 190° K. with dry 
ice and then cooled again to 77° K., two new lines occurred, one on either side of the 
original doublet! (see Fig. 2). The spacing of the first doublet (top curve of Fig. 2) 
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is only about one-half that of the corresponding doublet of acetic acid. This is 
puzzling. It may be that the odd electron remains on the carbonyl oxygen in ionized 
formic acid and on the hydroxy! oxygen in acetic acid. The only reason we can 


FORMIC ACID 


T=77°K 


T=77°K after 
warming to I90°K 


k— 135 gauss ——> 


Fia. 2.—Tracings of electron-magnetic res- 
onances of formic acid after different treat- 
ments. Other conditions are those described 
in Fig. 1. 


suggest for this difference is that hyperconjugation of the C=O with the H;C—C 
might stabilize the positive charge with the odd electron on the hydroxy! oxygen 
in acetic acid, whereas in formic acid the impossibility of such hyperconjugation 
might cause the structure of lowest energy to be 

QO 


a 
H—C 
X\ 
O+t—H--- 


This structure would be able to conjugate with 


we 
H—C€ 
O—H --- 


and still have the odd electron remain on the same oxygen. There it. would interact 
with the bridging proton to give splitting similar to that observed in glyeylglycine 
(see the preceding paper). 
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The new doublet which occurred after the warming of formic acid is widely spaced 
(135 gauss). It may arise from the radical HCO, which can be considered as a 
hybrid with the structures 


H...C-=0+ and H...C=0O 


having a three-electron bond making large contributions. If, as seems probable, 
the radical has sufficient motion to annul direct dipole-dipole coupling, the splitting 
of 135 gauss indicates that the CH bond is about 70 per cent of the odd-electron 
variety. At the time of formation of the radical, the remaining (OH)+ would 
probably go over to a neighboring formic acid molecule to make 


O+—O—H 


jy 
H—C 


O—H 


There are other mechanisms which might be proposed to account for these results 
but, whatever the radical, it must allow the odd electron to interact strongly with 
only one proton spin. 

Figure 3 shows the signal obtained for propionic acid irradiated and observed at 
the temperature of liquid nitrogen. There are four symmetric lines which indi- 
cate that three proton moments—and no more—are coupled to the electron spin. 
Again, the splitting must arise from the methyl hydrogens and probably here from 
the free methyl] radical. The total spread of 80 gauss is more than was expected 
for the «CH; radical. Nevertheless, a quartet of the same spacing has been found 
by Gordy and McCormick in x-irradiated Zn(CHs)2 at 77° K. for which it seems 
unlikely that any radical other than -CH; could be responsible. 

From first considerations one might expect the three bonding orbitals of C in 
-CH; to be sp. hybrids and the radical to be planar. If this were indeed the shape 
of the radical, the odd electron would occupy the pure p orbital perpendicular to 
the CH; plane and would therefore have very little interaction with the three proton 
moments at room temperature, where there would be rapid tumbling motions. 
The large hyperfine spread suggests that the C of CH; compromises the tendency 
to form three strong bonds with a tendency to form a closed 2s subshell with an un- 
shared pair. The odd electron would then be forced into the bonding orbitals part 
of the time. Furthermore, the radical would be pyramidal rather than planar, but 
would probably invert rapidly, as does NH3. 

From valence-bond-resonance concepts it can be argued that the -CH; radical 
would be more easily knocked off by ionization in propionic than in other car- 
boxylic acids. After ionization, the loss of the -CH3 would permit stabilization of 
the positively charged remainder through the resonance of 


H, 0 H 
yor x “with ye cK 
H OH H 
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The same quartet with a total spread of 80 gauss was observed for palmitic as 
| £ 


for propionic acid (see Fig. 3). Upon this quartet a triplet was superimposed with 
the same spacing as that for glycine. Perhaps this time a larger piece, (CH;CHz2) *, 
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of the tail is knocked off, and this unstable piece breaks up to form -CH; and 
(CHs)*. At least these radicals would seem to account for the experimental obser- 


vations 
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Fig. 3.—Tracings of electron-magnetic resonances of 
propionic acid at 77° K. and of palmitie acid at room tem- 
perature. Other conditions are those described in Fig. 1. 


Oxalic acid after several hours of irradiation gave only a barely detectable, ap- 
parently single resonance. In consideration of the strong signals obtained for most 
other carboxylic acids, we attach significance to our near-failure to detect a reso- 
nance for oxalic acid. Ovxalie acid is known to form hydrogen-bonded sheets of in- 
definite extension: 

- H—O Cesta 
\ 
iy 

C—C 
WA \ 
) 


soo ( ‘O-H --- 


An electron hole or vacancy produced by ionization in such a conjugated system 
would probably migrate all over the molecule. Moreover, if the hydrogen bridges 
were sufficiently strong, the vacancy could cross the bridge to the next molecule 
and so migrate all over the sample. Such a moving hole would soon be filled, and 
detection of a resonance would therefore be difficult. Also, any resonance de- 
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tected would have no resolvable hyperfine structure because of the interaction with 
many protons. We think that our difficulty in detecting a signal in oxalic acids 
may mean that hydrogen bonds are exceptionally strong and that the unpaired 
electron (or vacancy) does indeed wander through the sample. 

Glycolic acid (Fig. 4) gave a pair of doublets. The pairs are not of equal in- 
tensity, and for this reason we suspect that they arise from two different radicals. 
Glycolic acid, HOCH,COOH, has two hydroxyl groups. It seems likely that the 
odd electrons which give the two doublets are on the two different hydroxyl groups. 
The splitting of 20 gauss is about the same as that for acetic or pyruvic acids and 
gives 1.07 A for the effective coupling distance in .the hydrogen bridge 
—O+—H...O 


GLYCOLIC ACID 
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Fic. 4.—Tracings of electron-magnetic resonances of 
glycolic acid at 77° K. and of citric acid at room temperature. 
Other conditions are those described in Fig. 1. 


The principal feature of the citric acid resonance (Fig. 4) is a strong doublet with 
a separation of about 12 gauss. We believe that the doubling is again caused by 
the hydrogen of a hydrogen bridge with the odd electron on the carbonyl rather 
than on the hydroxyl oxygen. 

Pyruvic acid, CH;COCOOH, irradiated and observed at 77° K., gave a doublet 
(Fig. 5) with the weak shoulders characteristic of direct dipole-dipole interaction 
‘of the electron with one proton in a polycrystalline material (see the preceding 
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paper.) The doublet separation of 18 gauss is intermediate between the values of 
about 10 and 30 gaus, expected for the odd electron localized on the proton acceptor 
and proton donor, respectively, of a hydrogen bridge. We believe that this indi- 
cates a strong, almost symmetrical hydrogen bridge, with the odd electron prob- 
ably on the proton donor, as postulated for acetic acid. 


PYRUVIC ACID 
Ta, PROM 


k- 60 Gauss > 


LACTIC ACID 
T= 77K 


k— 90 Gauss — 


Fic. 5.—Tracings of electron-magnetic reso- 
nances of pyruvic and lactic acids, with conditions as 
described in Fig. 1. 
Lactic acid, 


H 


HO—C—COOH, 
l 
CH, 


when irradiated and observed at 77° K., gave a quintet structure, with a spread 
of 83 + 7 gauss, almost like that of alanine (see Fig. 5). We therefore attribute it 
to the same radical, (H,C,)+, as for irradiated alanine. Such a radical could be 
made along with CO, and H.O from the lactic acid molecule after ionization by 
X-rays. The small difference in the spread is barely outside the limits of error. 
It may result from differences in the dielectric media. 





L004 ZOOLOGY: VON BORSTEL AND WOLFF Proc, N. A. 8. 


Lauvic and stearic acids, when X-irradiated, gave similar, incompletely resolved 
resonances, indicating the presence of more than one radical with proton coupling. 
We have not yet been able to untangle the multiplets sufficiently to identify them. 

Although, surprisingly, no free ethyl radical (C.H;) has been detected in the pres- 
ent work, the microwave “fingerprint” of this radical has been found by Gordy 
and McCormick in x-irradiated Hg(C2H;5)2 at 77° K. Interestingly, it has a sym- 
metrical sextet with a total spread of 130 gauss. The sextet structure means that 
in the ethy! radical the five protons actually have equal coupling to the odd elec- 
tron—a symmetry which may come about through a rapid exchange of protons at 
the opposite ends. 

The results of these two papers with later ones obtained in our laboratory indi- 


cate that caging is a very important factor in determination of effects of radiation 
on molecules in solids. When a molecule is ionized, it generally breaks up. The 
pieces, being unable to escape, tend to react and re-react until the most stable 


assembly of new molecules and radicals is formed. 


* Supported by the Office of Ordnance Research and by the Office of Scientific Research of the 
Air Research and Development Command. 

1 In gamma-irradiated formic acid M. 8. Matheson and B. Smaller (J. Chem. Phys., 23, 521, 
1955) observed a single doublet of 15-gauss separation but did not observe the wider doublet of 
135 gauss. 


PHOTOREACTIVATION EXPERIMENTS ON THE NUCLEUS AND 
CYTOPLASM OF THE HABROBRACON EGG* 


By R. C. von BorsTeEL AND SHELDON WOLFF 
BIOLOGY DIVISION, OAK RIDGE NATIONAL LABORATORY, OAK RIDGE, TENNESSEE 
Communicated by C. W. Metz, July 26, 1955 


The counteraction of ultraviolet radiation (ca. 2600 A) damage by radiation of 
.a longer wave length (ca. 3600 A) has been called ‘“photoreactivation.”” The 
phenomenon is widespread in nature (reactivation of inactivated fungi,! viruses,? 
bacteria,*® protozoa,‘ higher plant cells,> salamander larvae*) end affects known 
nuclear events such as mutation induction,’ mitotic rate,’ and deoxyribonucleic 
acid synthesis.° The egg of the wasp Habrobracon juglandis Ashmead has charac- 
teristics that make it possible to irradiate the nucleus and cytoplasm” separately ; 
consequently, the egg is well suited for investigating the localization of the photo- 
reactivation phenomenon within the cell. 

Fertilization of the Habrobracon egg is not required for normal development— 
unfertilized eggs become haploid males. The nucleus of the newly laid egg is in 
the first meiotic metaphase and is located at the anterior end on the convex surface"! 
(Fig. 1). The nucleus remains in this position for 30 minutes (30° C.) while 
meiosis is completed. The pronucleus then migrates to the center of the egg, and 
development begins. ' 

Materials and Methods.—Well-fed virgin females are removed from their host 
(the larva of the Mediterranean flour moth /’pthestia) 4-12 hours before the experi- 
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ments are begun, in order that they may store mature eggs. At the end of this 
time, six females are placed in each of twelve to eighteen small Stender dishes, 
with two host ’phestia caterpillars per dish. One person can conveniently handle 
this number of dishes by examining the dishes cyclically for newly laid eggs. No 
egg will be more than fifteen minutes old when irradiated, and none will have 
proceeded further than the second meiotic metaphase. The eggs are slightly 


nas = 00: 600 1 ream 
NUCLEUS 


Fig. 1.—Lateral view of a newly laid Habrobracon egg. The 
nucleus is located at the anterior (wide) end near the convex 
surface. 


adhesive; they may be removed with a dissecting needle and arranged on glass 
slides for irradiation. In these experiments the eggs are oriented so that either the 
convex (nuclear) surfaces or the concave (nonnuclear) surfaces are facing the 
radiation source. Under these conditions, up to two hundred eggs have been 
irradiated per hour. Hatchabilities are recorded two days later. Virgins from 
stock No. 33 were used in these experiments. 

A shield used in some experiments for protecting the nucleus (Fig. 2) was con- 
structed by stacking several cover slips on a slide. The cover slips were joined 
with balsam. Since the eggs adhered easily to the underside of the jutting cover 
slip on the top of the stack, this shield provided a method whereby the egg cyto- 
plasm could be irradiated, while it allowed less than 5 per cent of the incident 
ultraviolet radiation to get to the nucleus. 


Fic. 2.—Diagram of shield used to protect the nucleus from ultraviolet 
radiation. 


The ultraviolet radiation source was a G.E. germicidal mercury-are lamp at 
60 em., which produced a flux of 504 ergs/mm?/min, as measured by a thermopile 
‘alibrated against an NBS standard lamp. Approximately 80-85 per cent of the 
energy produced by the mercury lamp is at a wave length of 2537 A. The photo- 
reactivating source was a G.E. 360 BL lamp at 4.8 em., with a flux of approximately 
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7,000 ergs/mm?/min, as measured by a thermopile and standard lamp; most of 
the incident energy is at a wave length of 3600 A. The air under the lamps was in 
constant circulation. Eggs were kept at a constant temperature of 24°-25° C 
during the exposure periods and for at least 24 hours afterward. The slides con- 
taining the eggs were then placed in an incubator at 30° C., so that the eggs would 
start hatching in the morning of the second day after irradiation. 

Results and Discussion—The curves at the left in Figure 3 indicate that dose- 
hatchability values give an exponential curve when the convex (nuclear) side of 
the egg is irradiated. The data are listed in Table 1. Approximately one-third 


TABLE 1 
HATCHABILITIES OF EGGs IRRADIATED ON CONVEX (NUCLEAR) SURFACES 
HATCHABILITY AFTER TREATM Se 
UV + Photoreactivating 
Dose - Ultraviolet Light for 15 Minutes 
(ErGs/Mm?) Larvae/Eggs Per Cent Larvae/Eggs Per Cent x? P(x?) 
0 126/127 0.992 122/125 0.976 iy Se 
42 77/99 .778 82/88 932 .6831 <0.01 
84 51/106 481 76/102 745 5.2327 < .01 
126 54/266 . 203 68/100 680 .4108 Ol 
252 15/95 .158 33/102 323 .3226 01 
378 55/367 150 20/90 . 222 7585 01 
504 12/214 056 16/109 147 3516 Ol 
630 21/300 070 16/116 . 138 4.7640 03 
882 7/103 0.068 16/140 0.114 4861 0.23 
P (total) <0.00001 


of the eggs appear to be especially resistant to the irradiation; this is evidenced 
by the concave character of the curve and by extrapolation to zero dose of the 
second exponential component. This resistance is probably caused either by 
meiotic stage sensitivity differences or by differences in location of the nucleus 
within the egg. Figure 3 shows also a maximum photorecovery curve from ultra- 
violet damage induced by irradiation of the convex side of the egg. The dose 
reduction of approximately 2.2 is in general agreement with that obtained on 
other materials. '” 

A dose-effect curve for photoreactivation at a constant ultraviolet radiation 
exposure of 126 ergs/mm? is shown in Figure 4. It is apparent that photorecovery 
begins with very short exposures of reactivating light. Since the nucleus is in 
the process of meiosis at this time, it is likely that active synthesis of chromosomal 
material is not requisite for photorecovery. This conclusion can be inferred also 
from data on photoreactivation of inactivated sperm.'* Controls placed under 
the reactivating light without prior exposure to ultraviolet radiation showed 
normal hatchability even after two hours of exposure. Relative to the inactivation 
dose at 2537 A, the dose at 3600 A after two hours (ca. 10° ergs/mm?) is still 
below the exposure required to produce a striking lethal effect in bacteria. '4 

When the side of the egg opposite the nucleus (concave side) is exposed to ultra- 
violet radiation (Fig. 3 and Table 2), the hatchability curve is sigmoid. The 
initial exponential component of the sigmoid curve demonstrates that less than 
5 per cent of the incident radiation leaks to the nucleus when the concave side is 
irradiated. Contrary to results obtained from exposure of the convex surface, 
photoreactivation does not appear to take place when the egg is injured by exposing 
the concave surface to the radiation. The significant difference between the 
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Fic. 3.—Dose-hatchability curves for Habro- 
bracon eggs irradiated on their convex (nuclear ) 
(O, ultraviolet; @, ultraviolet plus photoreac- 
tivating light) or concave (nonnuclear) (A, 
ultraviolet; a, ultraviolet plus photoreactivating 
light ) surfaces. 
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Fic. 4.—Dose-recovery curve for eggs exposed to 126 
ergs/mm.? of ultraviolet radiation and to reactivating 
light of different duration. 
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inactivated and photoreactivated eggs at 1,008 ergs/mm? is attributed at present 
to leakage to the nucleus. 

Experiments in which the nucleus was shielded were performed by protecting 
the anterior quarter of the egg from radiation (Table 3). These data show that 
the nonr..clear portion of the convex side of the egg has the same sensitivity to the 
ultraviolet radiation as the concave side, thus supporting the conclusion that the 
photorecoverable injury is of a nuclear nature and not merely the result of a 
difference between the concave and convex surfaces. 


TABLE 2 
HATCHABILITIES OF Eaas [IRRADIATED ON CONCAVE SURFACES 
+ Photoreactivating— 
Dose — —Ultraviolet-———- Light for 15 Minutes 
(Eres/ M®) Larvae/Eggs Per Cent Larvae/Eggs Per Cent x? 
0 81/83 0.976 142/145 0.979 She 
504 95/106 896 96/108 889 0.0300 
756 87/102 . 852 81/100 .810 0.6651 : 40 
850 37/47 787 37/49 . 180 0.1402 a 
882 80/100 . 800 91/102 . 892 3.3010 07 
950 43/56 765 36/49 735 . 1548 70 
1,008 28/209 .613 158/201 .785 4.6415 . ee 
1,050 32/56 .572 37/52 412 . 2942 .14 
1,134 3/101 .426 61/114 .635 .5639 12 
1,200 32/58 552 28/59 .472 .6968 42 
1,260 3/103 .272 23/97 23d .3172 .60 
1,350 §/50 . 160 6/55 . 109 5874 46 
1,386 2/101 0.119 7/136 0.052 3.5642 0.06 
1,512 0/103 0 0/105 0 


HATCHABILITY AFTER TREATMENT——— 
UV 


P (total) = 0.197 


TABLE 3 
HATCHABILITIES OF EaGs IRRADIATED WITH NUCLEAR 
ENps SHIELDED 
HATCHABILITY AFTER TREATMENT — 
UV + Photoreactivating 

Dosr Ultraviolet— — Light for 15 Minutes 
Eras/ Mm?) Larvae/Eggs Per Cent Larvae/Eggs Per Cent x? 
Conver: 

1,008 39/58 0.672 30/49 0.612 0.4199 

1,512 0/25 Uv 0/25 0 


Concave: 
1,008 42/59 0.712 37/59 0.627 0.9575 0.34 


Conclusion.—Taken as a whole, these experiments indicate that, by the criterion 
of hatchability, photoreactivable injury is related to events within, limited to, 
or governed by the egg nucleus. 

Summary.—The egg of the wasp Habrobracon is of such nature that the nucleus 
and the cytoplasm can be damaged separately by ultraviolet radiation by exposing 
the convex (nuclear) surface, on the one hand, or the concave (cytoplasmic) surface, 
on the other. Under these conditions, with hatchability as the criterion, nuclear 
inactivation data follow an exponential survival curve; cytoplasmic inactivation 
data follow a sigmoidal curve. The damaged nucleus can be photoreactivated ; 
injured cytoplasm appears not to be subject to photoreactivation. 


The authors are indebted to Dr. A. W. Kimball and Mr. G. J. Atta for conducting 
the statistical analyses of the data. 
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ERRATA: CONDUCTANCE OF STRONG ELECTROLYTES AT FINITE 
DILUTIONS 

In the article of the above title appearing in these ProcEEDINGs, 41, 274-283, 
1955, the following corrections should be made: 

Insert ~/c after a in equation (30) and as a multiplier for the right-hand side of 
the unnumbered equation on page 280 between equations (34) and (35). Delete 
the exponent 2 in the last terms of equations (36) and (37), so that the denomina- 
tors become 2po(1 + xa) and 96p.(1 + xa), respectively. Change the constant 
in equation (37) from (35 — 6./2)/192 to read (5 + +/2)/32. 

Raymonp M. Fuvoss anp LARS ONSAGER 


ERRATA: ISOTOPE SEPARATION BY IONIC EXPANSION IN A 
MAGNETIC FIELD 


In the article of the above title appearing in these ProcrkEepiNGs, 41, 451-457, 
1955, the following corrections should be made: 
Equations (16) and (17) should be changed to 


| L 
H(w; — we) = : (-—V’+V") = - H(vp’ — vo") 


mls) 


and 


L L dm 
/f / Y\ rw 
W,—- We = - {V9 — Vo ) eae 
210 2Lo 2m 


(17) 


Obvious changes in the text of the following paragraph will then be necessary. 
JOSEPH SLEPIAN 
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